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Section (B): CRQs (Short Answered Questions)

15.1. Why the earth is not in thermal equilibrium with the sun?
Ans) Earth and sun are not in equilibrium because they don't form an isolated system.
15.2. Describe the relationship between temperature and kinetic energy of molecules.

Ans) The relationship between temperature and the kinetic energy of molecules is direct and
proportional. As the temperature of a substance increases, the average kinetic energy of its
molecules also increases. This means that at higher temperatures, molecules move faster, and at
lower temperatures, they move more slowly. Temperature is essentially a measure of the average
kinetic energy of the molecules in a substance.

15.3. It is observed that when mercury in glass thermometer is put in a flame, the column of
mercury first descends and then rises. Explain.

Ans) Due to expansion of the glass, mercury first falls but later on rises due to larger.coefficient
of expansion for mercury than that of glass.

15.4. What is standard temperature, pressure?

Ans) Standard temperature and pressure (STP) refers to the nominal conditions in the atmosphere
at sea level. These conditions are 0 degrees Celsius and 1 atmosphere (atm) of pressure.

15.5. A thermometer is placed in direct sun light. What will it read the temperature?

Ans) If a thermometer is placed in direct sun light, it will measure a much higher temperature than
that of the air.

15.6. The pressure in a gas. cylinder containing hydrogen will leak more quickly than if it is
containing oxygen Why?

Ans) As the hydrogen is lighter than oxygen i.e., its molecular mass and density is less than that
of oxygen thereforc rate of diffusion of hydrogen gas is greater than oxygen. That is why the
pressure in a gas cylinder containing hydrogen will leak more quickly than the gas cylinder
containing oxygen.

15.7. When a sealed thermos bottle full of coffee is shaken, what are the changes occur?

Ans) When the bottle is shaken, the coffee will experience some internal movement, which may
cause some molecules to collide and exchange kinetic energy. However, this effect is small, and
the overall temperature of the coffee will remain nearly constant.



15.9. How does the Kinetic theory account for the following observed facts:
(a) A gas exerts pressure
(b) The pressure of a gas depends upon its temperature.

Ans) The Kinetic Theory explains the behavior of gases through the motion of their particles:

(a) A gas exerts pressure: According to the Kinetic Theory, gas particles are in constant
random motion. When these particles collide with the walls of a container, they exert a force on
the walls. The collective force of these collisions per unit area is what we observe as gas pressure.

(b) The pressure of a gas depends upon its temperature: The temperature of a gas is
a measure of the average kinetic energy of its particles. As the temperaturc increases, the particles
move faster, resulting in more frequent and forceful collisions with the container walls. This
increase in the frequency and intensity of collisions leads to an increase in pressure.

15.10. Calculate the average speed of an air molecule at room temperature (20°C) and
compare it to the speed of sound in air (330 m/s). '

Data:

T = 20°C = 20 + 273 = 293 K ,Vqpg =sbe,= 1.38x 10 — 23 J/K
Solution:

Kavg = 2 kT

1 3
Emvavg =2 kT

3kT

—_—

Vavg = T

For air, m = 28.96 amu'& 1u = 1.66 x 10 kg

=502.32m/s

_[3(1.38x10723)(293)
avg = 128.96 x 1.66 x 10-27

In comparison, molecule of air is moving faster than sound because vaye = 502.32 m/S > Vsound =
330 m/s.



Section (C): ERQs (Long Answered Questions)
15.1. What is temperature? Explain the scales of temperature in detail.

Ans) Temperature: Temperature is a measure of the average translational kinetic energy of the
molecules of body.

Scales of Temperature: There are three scales of temperature which are commonly used
these days.

i.  Centigrade or Celsius scale
ii.  Fahrenheit scale
1il. Kelvin or absolute scale

(i) Centigrade or Celsius Scale (Anders Celsius): In the Celsius scale the freezing point of water
or Melting point of ice is marked 0°C and boiling point is 100°C. The igteryal between these two
points is divided into hundred equal parts. Each part thus represents ghe.dégree Celsius (1°C).

(ii) Fahrenheit Scale (Daniel Fahrenheit): In Fahrenhcit scale, the. fixed points are marked 32°F
and 212°F respectively and the interval between the fixed pointS is divided into 180 equal parts.
Each part represents 1°F.

(iii) Kelvin Scale (James Lord Kelvin): In this scale the melting point of ice is 273K and the
boiling point of water is 373K. The temperature is given in units called Kelvin instead of degrees.
The lowest temperature is OK known as abseluté.zero.

Empirical Formulae: In order to derive @mpirical formulae among Centigrade, Fahrenheit and
Kelvin scales, let the three thermomélérs~be placed in a bath tub and the mercury in each
thermometer rises to the same level.asishown in figure below. We arrive at the relation.

Temp.on oge'scale — F.P _ Temp.on 2nd scale — F.P

B/ F.P B.P—F.P
T,—0 Tp—32 Tx—273
100 180 100
Kelvin Scale Celsius Scale Fahrenheit Scale
Boiling Point of water 373K 100 °C 212 °F
Freezing Point of water 273K | e 32°F
Absolute zero 0K —273°C —459 °F

Figure: Scales of temperature mentioning the different temperatures



15.2. Define and explain Boyle's law, Charles's and Avogadro's law.
Ans) Boyle's law:

Definition: Boyle's law states that "Volume V of given mass of a gas is inversely proportional to
the pressure P, provided the temperature T of the gas remains constant."

Explanation: Boyle's law can be written as.
1
V o s (at constant temperature)

PV = constant

We can also represent Boyle's law on a graph, as shown in figure (a). The graph plotted between
P and V at constant temperature is a curve called hyperbola showing the inverse relation between
them for two different states, while figure (b) graph of P plotted against %is a straight line passing

through the origin, showing direct proportionality. Boyle's law can bg _wﬁttEn as:
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Figure (a) and (b) showing the relation between pressure and volume & pressure and inverse
of volume respectively

Charles's Law:

Definition: This law states that "The volume V of a given mass of a gas is directly proportional to
the absolute temperature T at constant pressure P".

Explanation: Charles law can be written as
V < T (at constant pressure)

Or



vV
— = constant
T

If V; and V, are the volumes of the gas at temperature T and T, respectively then for two different
states, Charles's law is represented as

i 1,
— = —— = constant
n, T,

From the graph at 0°C the gas still has a volumeV,,. The graph between volume and temperature is
a straight line. If the graph is extrapolated backward, it cuts the temperature axis at -237°C. This
graph shows that volume of a gas is zero. Kelvin selected this temperature (-273°C) as the zero
called absolute zero (0K).

A

Volume

w4

‘= ¥
-273°C  0°C

Temperature

Figure: Shows relation between temperature and volume
Avogadro's law:

Definition: Avogadro's law which states that "equal volume of all gases contains the same number
of molecules at the same temperature and pressure”. Thus, the volume of a gas is directly
proportional to number of moles of the gas at constant temperature and pressure.

Explanation: In symbol, we can write as

V < n (at constant temperature and pressure)

|4
— = constant
n

Where V is volume and n is the number of moles of a gas. Thus 1dm? (or cm3, m?) of oxygen
contains the same number of molecules as 1dm® or 1cm?, 1m? etc of hydrogen or of any other gas,
provided the volumes are measured under the same conditions of temperature and pressure.

; Vy Va
It can be written as P constant
1 2

When V; and V, are volumes of gas and n; and n, are amount of gas.



15.3. Derive general gas law by making use of gas laws.

Ans) General Gas Law: In order to derive general gas law, we make use of Boyle's law,
Charles's law and Avogadro's law. An interrelation among the physical quantities e g. pressure,
volume, temperature and amount of matter of a given sample of gas is termed as "equation of state"
of gas or General gas law.

According to Boyle's law:

il
vV & 7 (when n number of moles and temperature T are kept constant)

According to Charles's law:
V < T (when n and pressure P are kept constant)
According to Avogadro's law:
V < n (whenT and P are kept constait)

Consider for a moment that none of the variable are to be kept constant, then all the above three
relationships can be joined together.

v nl

GC\ T

P_
nT
V = constant X —
P

_ RnT

= —

Where R is constant of proportionally and is called General gas constant or universal gas constant
and does not depend on the quantity of gas in the sample If P is measured in Nm2 V in m? and T
in Kelvin then the volume of universal gas constant is R = 8.314 J mol™' k..

Above equation is written as:

PV = nRT



15.4. Describe the molecular movement causes the pressure exerted by gas, derive pressure
equation.

Ans) Pressure of gas: The pressure exerted by a gas is merely the momentum transferred to
the walls of the container per second per unit area due to the continuous collisions of molecules of
the gas.

Pressure equation: In order to calculate the pressure of an ideal gas from Kinetic Theory. Let
us consider a cube having side length L whose walls are perfectly elastic contains N number of
molecules each of mass m as shown in figure.

] C
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Figure shows gas malecules moving in random directions within container

Consider a single molegule, of*mass m moving with velocity V; parallel to x-axis. It moves back
and forth, colliding af'tegular intervals with the ends of the box and thereby contributing to the
pressure of the gas.’A molecule which has a velocity V; can be resolved into three rectangular
components V;x, V;y and V; z parallel to three co-ordinates axes x, y and z.

A molecule which collides with the face ABCDA of the cube, it will rebound elastically in opposite
direction, such that x-component of the velocity V;x, is reversed, the V;y and V;z remain
unaffected. Therefore, the momentum before collision is mV; x and after collision is -mV; x causing
a change of momentum.

Change in momentum = P; — P = mVix — (—mVyx) = mVyx + mVyx

Change in momentum = 2mVix ........ (1)



After recoil the molecule travels to opposite face and collides with it, rebounds and travels back to
the face ABCDA after covering a distance 2L. The time At between two successive collisions with
face ABCDA is:

Now we can find the force that this one molecule exerts on face ABCDA, using Newton's 2™ law
of motion. This says that the rate of change of momentum of the molecule is equal to force applied
by the wall. According to Newton's 3" law of motion, force F; exerted the molecule on face
ABCDA is equal but opposite.

change in momentum AP

F = F, = s
oree 1 time taken At
_ 2(mVix)  mV’x
1S I
Vix

Similarly, the forces due to all other molecules can be determined. Thus, the total x- directed F
due to N number of molecules of the gas moving with velocities Vy, V,, V5, ....... , Vo, 1s:

F= F1+F2+F3+'"+Fn
mVix mVix mVix mV.2x
LM s e gD
L £ L L

As pressure is normal force per unit area, hence P on the face perpendicular to x-axis is:

A
TA L2
s mVix " mVix " mVix __ mV,2x
X B E E L

P= Lﬂa (VEx + Vix + Vix .+ V2x) ... (3)

; ; . N s
The number of molecules in unit volume n, is = Where N is the total number of molecules.
Therefore:
?=and substituting this value in eq: (3)

ny

D= (V12x+V22x+V32x..,+V,fx)
= v

N



VEx+VEx+Vix. +Vix i
il N ity
average value of ;2 for all the molecules in the container, we call this average square velocity V2.

Where mn,, is the mass per unit volume which we call density p and s the

The square root of V2is referred as Vs . Eq: (4) can be written as:
P = pV?

The terms V2 is only one component of the total velocity. Since V2 = V2 + V_y2 + V2on the average

V_,E = Vyz = V_szue to randomness of the molecular motion.

VZ =3V2and V2 = %Vz
Substituting this value into the above equation, we find that:
i
P = -pV?
3 p

15.5. Interpret mathematically that temperature is a measure of '.a_verage translational K.E
of the molecules of a gas.

Ans) As we know that:
P= gmnvﬁ ...... (1)sin€ep = mn,

. : \ N . .
Since n,, represents the number of molecules pes tnit volume n,, = = Equation (1) can be written

as

PE MV .(Q2)

3 V

Now we can compare the equation (2)with this ideal gas equation PV = nRT. The left-hand sides
are the same. So, the two right-hand sides must also be equal.

:
§NmV2 = nRT

Substituting n = Ni and multiplying both sides by g we obtain the relation.
A

3><1N _Z—BXNRT
R g g
. V_-(B)XRT
2™ =2) N,

. R
Since e k (Boltzmann constant)
A

k=138 x 10723 J/Molecule k



Hence% my?2 = ;KT

3
K.Egg = 5KT

The mean translational Kinetic energy of a molecule of an ideal gas is proportional to the absolute
temperature.

Section (D): Numerical:

15.1. The freezing point of mercury is -39°C. Convert it into °F and the comfort level
temperature of 20°C into Kelvin.

Data:
Tewo=~39%C.To =2
Tee = 20°C, Ty, =
Solution:
Tem = 2Tem + 32 = 2(=39) + 32
Tim = —38.2 °F
Tee = Tee +273 = 20 + 273
Txe = 293 K

15.2. The boiling point of liquid nitrogen is -321°F. Change it into equivalent Kelvin
temperature.

Data:
TFNZ = - ‘32 1 DF

TKNz = ?

Solution:

TFN2_32 _ TKN2—273
180 100

-321-32 _ TkN,—273
180 100




15.3. Calculate the volume occupied by a gram-mole of a gas at 0°C and a pressure of 1.0
atmosphere.

Data:
V =7,n=1moles,R = 0.0821 L.atm/mol.K
P=1atm,T=0°C=0+4+273 =273K

Solution:

nRT _ (1)(0.0821)(273)
P 1

P

V =22.4 liters/mole

15.4. An air storage tank whose volume is 112 liters contains 3 kg of air at a pressure of 18
atmospheres. How much air would have to be forced into the tank to increase the pressure
to 21 atmospheres, assuming no change in temperature?

Data:
V; =112 liters, my; = 3 kg,P, = 18 atm
Am =?,P, = 21 atm
Vi =V, (constant), T, = T, (constant)
Solution:
PV, = n,RT,....(1)
P,V, = n,RT,....(2)
Dividing equation (1) by equiilion(2)

PiV; _ m4RT,
PV,  nRT,

Py 1y



i3 3

21 m,
m, = 3.5kg
Am=my;—-—m; =3.5-3=0.5kg

15.5. A balloon contains 0.04 m® of air at a pressure of 120 kPa. Calculate the pressure
required to reduce its volume to 0.025 m® at constant temperature.

Data:
V, = 0.04 m3,P, = 120 kPa
V= 0.025m2 P, =1
Solution:
PV, = BV,
(120)(0.04) = P,(0.025)
P, =192 kPa ~ 1.9 x 10° Pa
15.6. The molar mass of nitrogen gas Nz is 28 g mol'l. For 100 g of nitrogen, calculate
(a) the number of moles
(b) the volume occupied at room temperature (20°C) and pressure of 1.01 x 10° Pa.
Data:
M=28gmol™l,m=100g
(a)n="1" |
(b)) V=2,T =20°C=20+273 =293K P =1.01 x 10° Pa,
R = 8.314 J/mole K1
Solution:
(a)
n= E 28

n = 3.57 mole



(b)
PV = nRT
(1.01 x 10°)V = (3.57)(8.314)(293)
V =0.086 m3

15.7. A sample of a gas contains 3.0 x 102* atoms. Calculate the volume of the gas at a
temperature of 300 K and a pressure of 120K Pa.

Data:
No.of atoms = 3.0 x 102%* atoms
V=?T=300K,P=120K Pa

Solution:

_ No.of atoms
~ Avogadro's number

3.0 x 10%*
T 6.022 x 1023

PV =nRT
(1.20 x 10°)V = (4.98)(8.314)(300)

= 4.98 moles

V=0.104 m3

15.8. Calculate the root mean square speed of hydrogen molecules at 0°C and 1.0 atm
pressure. Assuming hydrogen to be an ideal gas. The density of hydrogen is 8.99 x 1072
kg/m’.

Data:
Vrms =2, T=0°C,P=1atm =1x 1.01 x 10° = 1.01 x 10° kPa,
p= 899 x 1072 kg/m?

Solution:

. 3P 3(1.01 x 10%) % = 1835.86 ms~!
TmS= |15 |99 x 102 TS R



15.9. Calculate the root mean square speed of hydrogen molecule at 500K
(mass of proton =1.67 x 10~2?7 kgand k = 1.38 x 10723 J /molecule — K)

Data:
Vrms =?,T = 500K, mass of proton = 1.67 x 10~% kg
k = 1.38 x 10723 ] /molecule — K

Solution:

3kT
Veims = ?

m=2x167 x 107%7 kg=3.34%x10"%"kg

3(1.38 x 10-23)(500)
Vims = 3.34 x 10-27

Vyms = 2489.49 ms™!

15.10. (a) Determine the average value of the Kinetic energy of the particles of an ideal gas
at 10°C and at 40°C.

(b) What is the Kinetic energy per molé of an ideal gas at these temperatures?
Data:

(@) K.Eqpg =?at 10°C and 40°C

(b) K.E =?at 10°C and 40°C

Solution:

3
K.Eqyg = KT
(@  K.Eaygy = %(1.38 x 10723)(10 + 273)

K.E gy = 5864072

3
K.Eaygzs = 5 (138 X 10723)(40 + 273)

K.Egpg = 6.48 x 10721]
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Section (B): CRQs (Short Answered Questions):

1. Explain the concept of the first law of thermodynamics in your own words.

Ans) The first law of thermodynamics, also known as the law of energy conservation, states that
energy cannot be created or destroyed, only transferred or transformed. In a thermodynamic
system, the change in internal energy is equal to the heat added to the system minus the work done
by the system. This means that any energy added as heat must either increase the system's internal
energy or be used to do work or be used in both and the total energy remains constant.

AU =AQ — AW
Where

e AU is the change in internal energy of the system.
e AQ is the heat added to the system.
e AW is the work done by the system.

2. How does the first law of thermodynamics relate to the -conservﬁtion of energy?

Ans) The first law of thermodynamics is essentially a statement of the conservation of energy
principle, specifically tailored for thermodynamic systems: Itstates that energy cannot be created
or destroyed, only transferred or converted from one f6fm to another.

Mathematically, the first law of thermodynamicssis expressed as:
A= AQ — AW
Where

e AU is the change in the itlletnéi'energy of the system.
e AQ is the heat added tohe)system.
e AW is the work donc by;the system.

This equation shows thatany change in a systern's internal energy is equal to the heat added to the
system minus the work done by the system on its surroundings. This reflects the conservation of
energy because it accounts for all the energy entering and leaving the system.

In essence, the first law ensures that the total energy in an isolated system remains constant,
affirming that energy is conserved in every process, regardless of how it's transformed or
transferred.



3. Distinguish between the work done by a system and the heat exchanged with the
surroundings in the context of the first law.

Ans) In the context of the first law of thermodynamics

e Work is the organized energy transfer when a system does mechanical tasks, like moving
a piston. It affects the system's internal energy, decreasing it when work is done by the
system, and increasing it when work is done on the system.

e Heat is the disorganized energy transfer due to temperature differences. It increases the
system's internal energy when added and decreases it when lost.

4. Give an example daily life that illustrates the principles of the first law of thermodynamics.

Ans) A simple daily life example of the first law of thermodynamics is boiling water in a kettle:

e Heat is added to the water from the stove (energy input).

e The water's internal energy increases, causing its temperature to rise.

e Some of the energy is used to convert water into steam, doing work by expanding the steam
and pushing against the surrounding air but total amount of energy remains constant.

5. Explain the role of the system and its surroundings in the context of the first law of
thermodynamics.

Ans) Energy can be exchanged between the systecm and its surroundings through heat and work.
The first law states that any change in the system's internal energy is due to these energy exchanges
with the surroundings, ensuring total energy is conserved.

6. How does heat capacity relate to the amount of energy required to change the temperature
of a substance?

Ans) Heat capacity is a measure of the amount of energy required to change the temperature of a
substance by a certain amount. Specifically, it is the amount of heat energy needed to raise the
temperature of a substance by 1 degree Celsius (or 1 Kelvin).

Relationship:
AQ = CAT

e AQ is the amount of heat energy added or removed.
e (is the heat capacity of the substance.
e AT is the change in temperature.

Explanation:

e A substance with a high heat capacity requires more energy to change its temperature by a given
amount compared to a substance with a low heat capacity.

e For example, water has a high heat capacity, so it takes a lot of energy to warm it up or cool it
down, whereas metals generally have lower heat capacities and heat up or cool down more
quickly with the same amount of energy.



Section (C): ERQs (Long Answered Questions):

1. Provide the mathematical expression of the first law of thermodynamics and explain each
term.

Ans) The first law of thermodynamics states that, “The change in internal energy of a system
equals the net heat transfer into the system minus the net work done by the system”.

In equation form, the first law of thermodynamics is,
AU = AQ — AW
Explanation of Each Term:

1. AU (Change in Internal Energy): This term represents the change in the internal energy of
the system, which includes the total kinetic and potential energy of the particles within the
system. If AU is positive, the internal energy of the system has increased. If it is negative,
the internal energy has decreased.

2. AQ (Heat exchange): AQ is the amount of heat energy transferred to the system. Heat can
enter or leave the system depending on the conditions. If AQ is positive, heat is added to
the system, increasing its internal energy. If AQ is negative, heat is removed from the
system.

3. AW (Work done): AW represents the work done. Work can involve processes like
expansion or compression of gases. If AW is positive, the system has done work on the
surroundings, decreasing its internal energy. If AW is negative, work is done on the system,
increasing its internal energy.

2. Describe what happens to the internal energy of a system in an adiabatic process, and why.
Ans) According to the first law of thermodynamics;
AQ = AU + AW
0 = AU + AW
AU = —AW

Thus, an increase in the internal energy of the system in an adiabatic process is equal to the work
done on the system.

Above equation can be written as;
AW = —AU

This means that if the system does the work, then in adiabatic process, the work is done at the cost
of internal energy.



Types of Heat Capacity:

1.

Specific Heat Capacity (c): Specific heat capacity tells us how much heat is required to
raise the temperature of one kilogram of the substance by one degree Celsius.
Mathematically,

Where;
Q is the heat energy absorbed or released,
m is the mass of the substance,
c is the specific heat, and
AT is the change in temperature.
Molar Specific Heat Capacity (Cm): Molar heat capacity tells us how much heat is
required to raise the temperature of one kilogram of the substance by one degree Celsius.
Mathematically,
Q
Cm = m

Where

Q is the heat energy absorbed or released,
n is the number of moles,

Cm is the molar specific heat

AT is the change in temperature.

Significance of heat capacity in Thermodynamics:

Thermal Energy Storage: Heat capacity is directly related to a substance's ability to
store thermal energy. A substance with a high heat capacity can absorb more heat for a
given change in temperature compared to a substance with a low heat capacity.
Temperature Changes: Substances with high heat capacities will experience smaller
temperature changes for a given amount of heat compared to those with low heat
capacities.

3. Implications for Heat Transfer:

e Inengineering applications and various thermodynamic processes, understanding
heat capacity helps in designing systems for heating, cooling, and thermal
management. For instance, in thermal insulation, materials with low heat capacity
are used to minimize heat transfer.

e In chemical reactions, knowing the heat capacities of reactants and products helps
in predicting the temperature changes and the amount of heat required or released
during the reaction.



Heat Capacity and Thermal Energy Storage:

e High Heat Capacity: A substance with a high heat capacity can absorb a large amount
of heat without a significant rise in temperature. This means it can store more thermal
energy for a given temperature change. For example, water has a high specific heat
capacity (4.18 J/g°C), which allows it to absorb and store substantial amounts of heat
energy, making it an effective heat reservoir.

e Low Heat Capacity: A substance with a low heat capacity absorbs less heat for the same
temperature change, meaning it stores less thermal energy. Metals like aluminum or
copper have lower heat capacities compared to water, so they heat up and cool down
more quickly.

Implications for Temperature Changes:

For a given amount of heat added or removed (Q), the temperaturc change, (AT) of a substance is
inversely related to its heat capacity. '

Q
AT = =
£

So, a high heat capacity results in a smaller temperature.change for a given amount of heat.
Conversely, a low heat capacity results in a larger temperature change.

Section (D): Numerical:

1. A gas undergoes isothermal expansion atva constant temperature of 300 K. If the gas
absorbs 500 J of heat during the process, calculate the work done by the gas.

Data:
T = 300K, AQ =500/, AW =?
Solution:
AU = AQ — AW
Since, process is isothermal expansion, therefore, AU = 0
0 = AQ — AW
AW =500)



Types of Heat Capacity:

1.

Specific Heat Capacity (c): Specific heat capacity tells us how much heat is required to
raise the temperature of one kilogram of the substance by one degree Celsius.
Mathematically,

Where;
Q is the heat energy absorbed or released,
m is the mass of the substance,
c is the specific heat, and
AT is the change in temperature.
Molar Specific Heat Capacity (Cm): Molar heat capacity tells us how much heat is
required to raise the temperature of one kilogram of the substance by one degree Celsius.
Mathematically,
Q
Cm = m

Where

Q is the heat energy absorbed or released,
n is the number of moles,

Cm is the molar specific heat

AT is the change in temperature.

Significance of heat capacity in Thermodynamics:

Thermal Energy Storage: Heat capacity is directly related to a substance's ability to
store thermal energy. A substance with a high heat capacity can absorb more heat for a
given change in temperature compared to a substance with a low heat capacity.
Temperature Changes: Substances with high heat capacities will experience smaller
temperature changes for a given amount of heat compared to those with low heat
capacities.

3. Implications for Heat Transfer:

e Inengineering applications and various thermodynamic processes, understanding
heat capacity helps in designing systems for heating, cooling, and thermal
management. For instance, in thermal insulation, materials with low heat capacity
are used to minimize heat transfer.

e In chemical reactions, knowing the heat capacities of reactants and products helps
in predicting the temperature changes and the amount of heat required or released
during the reaction.



5. A gas undergoes a cyclic process, starting at point A with a volume of 0.02 m?, going to B
(isochoric heating), then to C (isothermal expansion), and finally back to A. If the heat added
during isothermal expansion is 1000 J and the heat rejected during isochoric heating is 500
J, calculate the net work done by the system.

Data:
AQ = 1000/,
AU = 500 J (heat rejected during isochoric heating is the change in internal energy)
V, =0.02m3, AW =?
Solution:
(1000) = (500) + AW
AW =500]

6. A gas expands from 0.03 m3 to 0.06 m3 against a constanft pressﬁre of 100 kPa. Calculate
the work done in both a reversible and an irreversible process, and compare the results.

Data:

V, = 0.03m3,V, = 0.06 m3, P = 400 kP@, AW apersipie =?
Solution:

AW, eversivie = PAV

AWreversivie = P(V2'— V1)

AW, epersipie = 100 x 10%(0:06 — 0.03)

AW, cversibie = 3000

Since complete data 1s hot available that's why we are unable to calculate irreversible work.



7. A 50 g piece of copper at 100°C is placed in 200 g of water at 20°C. If the final temperature
of the system is 30°C, calculate the specific heat capacity of copper. (Specific heat capacity
of water=4.18 J/g°C).

Data:
m. =50 g,T. =100°C,m,, =200 g,T,, = 20°C,T; = 30°C,c. =7,
¢y = 4.18]/g°C
Solution:
Q = mcAT
Heat lost by copper = Heat gained by water
50 % ¢, x (100 —30) = 200 x 4.18 x (30 — 20)
cc=2.34]/g°C

8. How much heat is required to raise the temperature ol 1 kg of lead from 25°C to 100°C?
(Specific heat capacity of lead = 0.128 J/g°C).

Data:

Q =?,m=1kg,T, = 25°C, T, = 100°C,&, = 0.128/g°C = 0.128 X 103]/kg°C
Solution:

Q = mc AT = mc (T, — Ty)

0 = (1)(0.128 x 103)(100-25)

Q=9600]
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Section (B): CRQs (Short Answered Questions):

1. What are some factors that affect the etficiency of automobile engines?
Ans) Some factors that affect the efficiency of automobile engines:

i.  The efficiency of the automohilcengine cannot exceed the Carnot efficiency: it is limited
by the temperature of bu rning fuel and the temperature of the environment into which the
exhaust is dumped.

ii.  The engine block cannet'be allowed to go over a certain temperature.
iil.  Any practical enging has friction, incomplete burning of fuel, and limits set by timing and
energy transferby heat.

2. What happens to the temperature of a room in which an air conditioner is left running on
table in the middle of the room?

Ans) Temperature of the room increases, as heat absorbed from the room by the air conditioner is
expelled in the same room.

3. Under what conditions can heat be added to a system without changing its temperature?

Ans) Heat can be given to a substance without raising its temperature when a substance is changing
its physical state, that is phase changes for example from solid to liquid and liquid to gas.



4. Is it possible to cool a room by keeping the refrigerator door open?
Ans) No, keeping a refrigerator door open cannot effectively cool a closed room.
5. When does the entropy of a system decrease?

Ans) The entropy of a system decreases only when it interacts with some other system whose
entropy increases in the process.

6. Is it possible, according to the 2" law of thermodynamics to construct an engine that is
free from thermal pollution?

Ans) It is not possible to construct a heat engine which is free from thermal pollution.
7. Can heat be completely converted to work?

Ans) No, we can not completely convert heat to work.

8. Define that why entropy has often been called as ''time arrow''.

Ans) Entropy is often called the 'time's arrow' because it tells us the direction in which natural
processes occur.

Section (C): ERQs (Long Answered Questions):

1. Give the two statements of the second law of the thermodynamics. Elaborate the concept
of entropy and state the second law of thermodynamics in terms of this concept.

Ans) Statements of the second law of the thermodynamics:

Kelvin Statement: According to this statement "It is impossible to construct an engine, operating
continuously in a cycle that can take heat from a source and coverts completely into work".

Clausius Statement: “It is impossible to cause heat to flow from a cold body to a hot body without
the expenditure of energy”.

Entropy: Entropy was first expressed by German physicist and mathematician, Rudolf Clausius
in 1865 into the study of thermodynamics to give a quantitative basis for the 2 law of
thermodynamics. The disorderness of the system is known as entropy. Entropy is also defined as

"The measure of a system's thermal energy per unit temperature that is unavailable for
doing useful work"

We have discussed several processes that proceed naturally in the direction of increasing disorder.
Irreversible heat flow increases disorder because the molecules are initially sorted into hotter and
cooler regions, this sorting is lost when the system comes to thermal equilibrium. Adding heat to
a body increases its disorder because it increases average molecular speed and therefore the
randomness of molecular motion. Free expansion of a gas increases its disorder because the
molecules have more randomness of position after the expansion than before.



Now, the second law of thermodynamics is
“The entropy of the universe during any process either remains constant of increases.”
2. Explain the working principle of heat engine and also derive the formula for its efficiency.

Ans) Working principle of heat engines: Any device that transforms heat into mechanical
energy (work) is called heat engine. The essentials of a heat engine are the furnace or hot body,
the working substance and a condenser or cold body.

The simplest kind of engine to discuss is one in which the working substance undergoes a cyclic
process, that is, a sequence of processes that eventually leaves the substance in the same state in
which it started. In a steam turbine the water is recycled and used over and over. Internal
combustion engines do not use the same air again but we can still analyze them in terms of cyclic
processes that approximate their actual operation.

All the heat engines absorbs heat from a source at a relatively low tggﬁp_.erature performs some
mechanical work and discards some heat at a low temperature the eng__l'ﬁe'.’treats extra heat as waste.
It gets rid of this waste heat through the exhaust pipes and 'f,he cooling system in internal
combustion engines. '

In a heat engine, Q; is positive but Q> is negative. represénting heat leaving the working substance.

We can represent the energy transformation in a heat engine by the flow diagram below.

Fig: Heat Engine

The engine itself is represented by the circle. The amount of heat supplied Q: to the engine by the
hot reservoir is proportional to the cross section of the incoming pipeline at the top of the diagram.
The cross section of the outgoing of the pipeline at the bottom is proportional to the magnitude
|Q2 | of the heat discarded in the exhaust.

The branch line to the right represents the portion of the heat supplied that the engine converts to
mechanical work W.



When an engine repeats the same cycle over and over, Qi and Q: represent the quantities of heat
absorbed and rejected by the engine during one cycle. The net heat absorbed per cycle is

AQ = Q@ — Q;

Let Q, be the heat absorbed by an engine from a high temperature reservoir and Q: be the heat
rejected by the engine to low temperature reservoir or sink. The rest of heat energy is converted
into useful work i.e.

W =0 — Q
Efficiency of heat engine:
“The thermal efficiency "n" of a cycle heat engine is defined to the ratio of the network "W' done

by the engine in each cycle to the heat absorbed Q, in each cycle”.

.. output w 01—0Q Q
Efficiency(n) = e 10—12 =1- Q_i

For 100% efficiency Q»= 0 ie no heat is rejected to low temperature reservoir (sink) and whole
heat absorbed is converted into work. But experimental facts show that no cyclic engine can
achieve an efficiency of 100%.

3. Describe the concept of reversible and irreversible process.

Ans) Reversible Process: A reversible process is an idealized or theoretical concept in
thermodynamics where a system undergoes changes in such a way that the process can be reversed
without leaving any net change in either the system or its surroundings. In other words, both the
system and surroundings are restorced to, their initial states after the process is reversed.

Key Characteristics of Reversible Processes:

i.  Quasi-static: The process happens infinitely slowly, ensuring that the system is always in
thermodynamic equilibrium with its surroundings.
ii. No Entropy Generation: There is no increase in the total entropy of the system and its
surroundings during a reversible process.
iii. Maximum Efficiency: Reversible processes are the most efficient processes, often serving
as the benchmark for real processes.

Examples:

e Isothermal Expansion/Compression: An ideal gas undergoing isothermal expansion or
compression in a piston-cylinder assembly, where the process is carried out slowly enough
to maintain thermal equilibrium.

e Adiabatic Expansion/Compression: An adiabatic process that is also reversible, like the
slow compression or expansion of an ideal gas in an insulated cylinder.



iv.  Inthe final process D— A (fig. d), the base of the cylinder is replaced by a non- conducting
wall and the gas is compressed adiabatically by increasing the load on the piston. The
temperature of the gas increases from T, to T;, and volume decreases from V, to V; and
work done by the piston on the gas is W p.

-

"

L/ )
@ * quut @
Fig: Carnot Engine eycle .

Efficiency of Carnot engine is less than 100%: Thé efficiency of Carnot engine in
percentage is

1

o T
Percentage efficiency () = (1 — T_z) x 100%

Thus, the efficiency of Carnot engine dt:pe__nds'm_; the temperature of hot and cold reservoirs. The
larger the temperature difference of two rﬁéé’i__‘voirs the greater is the efficiency but it can never be
one of 100% unless cold reservoir is at @bsolute zero temperature (T, = 0K)

5. Describe that refrigerator is b heat engine operating in reverse as that of an ideal heat
engine and find its efficiency.",

Ans) Refrigerator is-réverse heat engine: In a heat engine, the direction of energy transfer
is from the hot reservoitfo the cold reservoir, which is the natural direction. The role of heat engine
is to process the energy from the hot reservoir so as to do useful work. What we wanted to transfer
energy from the cold reservoir to the hot reservoir, because that is not the natural direction of
energy transfer. We must put some energy into a device to be successful. Devices that perform this
task are called refrigerator.

For example, houses in summer are cooled using refrigerators called air conditioners. The air
conditioner transfers energy from the cool room in the home to the warm air outside.

Efficiency of a Refrigerator: The effectiveness of a refrigerator is described in terms of a
number called the coefficient of performance (COP).

The COP is similar to the thermal efficiency for a heat engine in that it is a ratio of what you gain
(energy transferred to or from a reservoir) to what you give (work input).



Entropy Decrease (Negative Change in Entropy): Conversely, when heat is removed
from a system, the energy of the molecules decreases, leading to less vigorous molecular motion.
This reduction in energy results in a more ordered state within the system, decreasing the system's
entropy.

e Negative AQ: When heat is removed from the system (i.e. AQ < 0), the change in entropy
AS is negative. This indicates a decrease in disorder within the system.

7. Explain that increase in entropy means degradation of energy.

Ans) Increase in Entropy Means Degradation of Energy: Suppose a quantity of heat
@, in a reservoir at temperature T;. Let the temperature of the coldest available reservoir be T;. A
Carnot engine working between the temperatures T; and T, can absorb heat Q; at temperature T;
and do useful work W, given by

Wy =0Q:-0;
The efficiency of Carnot engine is
Wy Ty
n = —_—= 1 —_——
Q1 pél

w =9 (1 —;—‘l’)”,..-(l)

Equation (1) gives maximum available encrgy-whié'h‘can be converted into useful work, when heat
Q, is stored in the reservoir at temperature 17 .

Hot Mﬂ'vmr
W,

Cold reservior

Consider an irreversible process, in which heat Q, flows from the reservoir at temperature T;, to
another reservoir at a lower temperature T,. A Carnot engine working between the temperatures
T, and T,, can now take heat Q, from the reservoit at temperature T, and do useful work W, given
by:

W, To

fficiency n 0. T



W, = Qy( —T—z) ....... )

Equation (2) gives the maximum available energy which can be converted into useful work. When
heat Q, is stored in the reservoir at lower temperature T,.

Hot reservior

Cold reservior

As T, < T;, we see from equation (1) and (2) that W, is less than W, i.e. available energy
decreases with the increase of entropy during an irreversible process. Since all natural processes
are irreversible, we conclude that the energy of the universe is continuously becoming unavailable
for useful work. This is called the degradation of.energy. From the equation (1) and (2), we get

To Ty

Wy —W; = Qq (T_2 = T_1)

W= W= 0 (2-2)7....3)

Now TQ = decrease in entropy of, the reservoir at temperature T; and ,% = increase in entropy of
2 b 7

the reservoir at tempcrature T,.

Thus (ﬁ - %)'is increase in entropy of the universe. Also (W; — W5) is the amount of energy
2 ¥

which has been degraded or made unavailable for useful work. Hence equation (3) shows that the
increase of unavailable energy is equal to the increase in entropy of the universe multiplied by the
temperature of the coldest available reservoir. Using eq: (3) an entropy increases, so unavailable
energy also increases, so the useful energy decreases. It is called degradation of energy.



asection (D) Numerical;

L. A Carnot engine tukes 2000 J of heat from a reservoir at 500 K does some work, and
discards some heat to o reservolr at 350 K. How much heat ks discarded, bow much work
toes the engine do, and what is the elMiciency?

Data:
Q= 2000),T, = 500 K,Ty = 350K,Q; =7, W =7, =7
Solution:
Ts
gl
LT
=l- e

n=023x100% = 30 %

n=—

h

0.3 m ——

W = 600/
W= 0,-Q;
600 = 2000 - @,
Q: = 1400)

1. One kilogram of ice ol U C is melted and converted to water ai 0°C. Compute its change
in entropy.

Data:
m=1lkg.T=0C=0+ 273 = 273K, AS =7
Solution:

Assuming that the melting is done reversibly. The heat of fusion of water is L, = 3,34 x
10% ) /kg
AQ =m x L,

AQ=1x334x10"= 334 % 10"/

3 34 x 10°

AS = ‘—'21,—3'—'—‘ = 12231.443 /K



X In o high-pressure steam turbine engine, the steam is heated 1o 600°C and exhausted al
about 90°C. What is the highest possible efficiency of any engine that operates between these
two lemperniures?

Data:

T, = 600°C =600+ 273 =873 K,T; =90°C =90 + 273 = 363 K.n =7
Solution:

We are going 1o caleulate Camot efficiency

. |
n=1-1

i
n= 1-:+:-n,sa«|
1 = 0.584 x 100% = 58.4 % %’b

4. Tempernture difference between the surfoce waler and ?Q'lln in Manchester Lake
might be 5°C, Assuming the surface waler to be o 200C,
i

engine could have if it operates between these two Im@
Data: A %

AT=5C=5+273=278K.T, 1%‘5*'20 +273=293K,n =7
Solution:

We are going to calculate :u@wiumy
T,
h >

Ty=15"C=288K
ZHR

R S

n= 00171

n= 00171 = 100%

n=171%



5. A heat engine works at the rate of 500 kW. The efficiency of the engine is 30%. Calculate
the loss of heat per hour.

Data:
W = 500 kW, = 30%/100% = 0.3,Q, =?
Solution:

500x10°%
03 =22
Q1

0, = 1.67 x 10°W
W= Ql - Qz
500 x 103 = 1.67 x 10° — 0,

0, = 1.67 x 10° — 500 x 103

0, =1.17 x 10°W

Q, = 1.17 x 10® x 3600 (loss of heal per hour)
Q, =1.17 x 10° x 3600 = 4.2 x 10°]

6. A heat engine performs work of 0.4166 watts in one hour and rejects 4500 J of heat to the
sink. What is the efficiency of engine?

Data:

W = 0.4166 watts,t = 1 hr = 1 x 3600 = 3600 5,Q, = 4500 /,n =?
Solution:

W=W xt=0.4166 x 3600 = 1499.76 ]

W= Q1 - Qz
1499.76 = Q, — 4500

0, = 5999.76 ]
— W
= Q1
1499.76

" 5999.76

n=0249 > 7 =0.249 x 100% = 24.9%



7. A Carnot engine operates between the temperatures 850K and 300K the engine performs
1200 J of work in each cycle, which takes 0.25 sec.

(a) What is the efficiency of this engine?

(b) What is the average power of this engine?

(c) How much energy is extracted as heat from the high temperature reservoir?
(d) How much energy is delivered as heat to the low temperature reservoir?
Data:

T, =850K,T, =300 K,W = 1200/ ,t = 0.25 sec

(@n=?
LW =?
() Q=7
(d)Q, =?
Solution:
(a)
Tz
p=l=F
300
=Ll= e
n = 0.647

n=0.647 % 100%=64.7 %
(b)

_w

& 1200
W=
0.25

W = 4800 W = 4.8 kW
(©)

n=a

0.647 = % —~ Qq=1854.71] ~ 1855]
1



(d)

W=0:-0Q:

1200 = 1854.71 — Q,

Q, =654.71] = 655]
8. A Carnot engine absorbs 52kJ as heat and exhaust 36kJ as heat in each cycle. Calculate:
(a) The engine efficiency

(b) The work done per cycle in kilojoules.

Data:
Q, = 52kJ,Q, = 36K/,
(@n=7?
bw =7
Solution:
(b)
W=0:-0Q:
W=52-36
W=16kJ
(a)
=g
n = 0.3076

1 = 0.3076 x 100% = 30.76%



UNIT: 18 MAGNETIC FIELD

KEY
1.b 2B 3.4 4.a 5.d
6.b 7.a 8.a 9.c 10. ¢

Section (B) CRQs (Short Answered Questions):

1. Charge particles are fired in vacuum tube hit a fluorescence screen. Will it be possible to
know whether they positive or negative?

Ans) Yes it is possible to know whether they positive or negative.
2. What is a solenoid, and how does it differ from a simple coil of wire?

Ans) Solenoids: Solenoids are basically coils of wire. These generate aamagnetic feld which strives
a force over a metallic element. This happens when we apply the electti¢ current to the solenoids.

Difference between simple coil and solenoid: A solenoid is a typé of.coil with a long, tightly wound
cylindrical shape that produces a uniform magnetic field inside, often used in applications
requiring precise control of magnetic effects. In contrast; a simple coil has a more varied magnetic
field and is typically used for generating inductance or in.circuits.

3. Can a solenoid generate a magnetic field without any current flowing through it? Why or
why not?

Ans) No, a solenoid cannot generate a mdgnetic field without current flowing through it because
the magnetic field is produced by th¢ movement of electric charges through the wire. Without
current, there are no moving charges'to'create the magnetic field.

4. Explain why a toroid is otten preferred over a straight solenoid when designing certain
types of electrical components.

Ans) A toroid is often preferred over a straight solenoid because it confines the magnetic field
within its core, minimizing external electromagnetic interference and improving efficiency. The
continuous, closed-loop shape of a toroid ensures a more uniform and controlled magnetic field,
making it ideal for applications like transformers and inductors where precise magnetic properties
are crucial.

5. What role does the Ampere's circuital law play in understanding them agnetic field inside
a toroid?

Ans) Ampere's circuital law helps in understanding the magnetic field inside a toroid by relating
the magnetic field strength around a closed loop to the current passing through the loop. For a
toroid, it shows that the magnetic field is constant along the circular path inside the toroid and



directly proportional to the current and the number of turns in the winding, allowing for precise
calculations of the field strength within the core.

6. What is a galvanometer, and what is its primary function in an electrical circuit?

Ans) Galvanometer: A galvanometer is a device that is used to detect a small electric current
or measure its magnitude.

The function of a galvanometer in a circuit:

e The galvanometer is a piece of electromagnetic equipment that detects electric currents.
e This is an electromagnetic instrument that measures the electric current in a circuit.

Section (C): FRQs (Long Answered Questions):

1. Can a galvanometer measure both DC and AC currents? Explain any limitations it might
have with AC measurements.

Ans) DC Measurements: For direct current (DC) measurements, a galvanometer is quite
effective. The current flows through a coil in a magnetic ficld, creating a torque that moves a
needle or pointer. The amount of deflection is directly proportional to the current, allowing for
accurate readings of steady, unidirectional currents.

AC Measurements: No, we cannot use galvanometer to measure alternating current because
in AC, the direction of current keeps changing {requently, and so pointer will not be able to deflect.

Limitations:

i.  Response to AC: A 1raditional galvanometer, designed primarily for DC, struggles with
the alternating nature of AC. The needle may not move in response to the rapidly changing
direction of AC, causing it to show a lower average deflection or inaccurate readings.

ii.  Frequency Dependence: The frequency of the AC signal affects the galvanometer's ability
to provide accurate readings. Higher frequencies cause the galvanometer to average the
current over time, potentially leading to significant discrepancies between the actual AC
current and the measured value.

iii. Design Considerations: Some galvanometers are specifically designed to handle AC
measurements by incorporating features such as rectifiers to convert AC to DC before
measurement. However, standard galvanometers without these modifications are generally
not suitable for accurate AC measurement.



2. Why should an ammeter ideally have a very low resistance compared to the circuit it is
measuring?

Ans) An ammeter should ideally have very low resistance compared to the circuit it is measuring
to ensure accurate current measurement and minimal impact on the circuit. Here’s why:

1i.

1i1.

Minimize Voltage Drop: A low-resistance ammeter ensures that the voltage drop
across it is minimal. If the ammeter had high resistance, it would cause a significant voltage
drop in the circuit, altering the current flow and leading to inaccurate measurements.
Negligible effect on the total resistance of the circuit: To measure the current
accurately, the ammeter should ideally not affect the circuit. Low resistance ensures that
the ammeter has a negligible effect on the total resistance of the circuit, thus allowing it to
measure the true current without influencing the circuit operation.

Preventing Circuit Disruption: High resistance in the ammieter would create an
additional resistance in the circuit, potentially changing the circuit's behavior and reducing
the current flowing through it. A low-resistance amineter® prevents such disruptions,
ensuring that the circuit operates as intended while the currentis being measured.

3. What is the potential risk of using a voltmeter with a high internal resistance in a circuit?
How can this risk be mitigated?

Ans) Potential Risk: Using a voltmeter with high 4rternal resistance generally reduces the
impact on a circuit, but it can still present potential xisks in specific situations:

1.

ii.

Loading Effect in High-Impedanee Cireuits: In circuits with extremely high impedance,
even a high-resistance voltmeter tanrcause a small but significant loading effect. This
means the voltmeter might alterithe circuit's behavior slightly by adding its own resistance
to the circuit, leading to a slight'decrease in the measured voltage and potentially inaccurate
readings. ; '

Impact on Sensitive'VMeasurements: For very sensitive or precision measurements, the
high internal resistance of the voltmeter might still affect the circuit. If the circuit
impedance is e@mparable to or higher than the voltmeter’s resistance, it can cause
measurable deviations in voltage readings.

Mitigation:

1.

ii.

Select Appropriate Equipment: Choose a voltmeter with a resistance that is several
orders of magnitude higher than the circuit's impedance to minimize the loading effect.
Consider Measurement Conditions: Be aware of the circuit’s impedance and the
accuracy requirements of your measurement. In cases where precise voltage readings are
crucial, ensure that the measurement setup and equipment are suitable for the circuit
characteristics.



4. Describe the basic working principle of a voltmeter. How does it measure voltage across a
component in a circuit?

Ans) Working principle: The working principle of a voltmeter is based on Ohm's Law, where
it measures the potential difference across a component by being connected in parallel with high
resistance, ensuring minimal impact on the circuit.

Working: A voltmeter measures the voltage across a component in a circuit by utilizing its high
internal resistance and parallel connection to the component. Here’s a detailed explanation of the
process:

I

11.

1v.

High Internal Resistance: A voltmeter is designed with very high internal resistance,

typically in the range of megaohms (e.g., 10 megohms or more). This high resistance

ensures that it draws minimal current from the circuit, thereby not significantly affecting
the circuit's operation or altering the voltage being measured.

Parallel Connection: To measure the voltage across a component, the voltmeter is

connected in parallel with that component. This means the voltmeter's terminals are

attached to the two points where the voltage is to be measured. The parallel connection
allows the voltmeter to measure the potential difference between these two points directly.

Voltage Measurement Mechanism:

e Analog Voltmeters: In an analog voltmeter, the voltage causes a small current to flow
through the meter’s internal circuit. This current moves a needle across a scale. The
position of the needle on the scale cotresponds to the voltage across the component.

e Digital Voltmeters: In a digital voltmeter, the voltage is converted into a digital signal
by an internal analog-to-digital converter (ADC). The ADC translates the voltage into
a numerical value. which is then displayed on the digital screen.

Display of Voltage: The voltmeter’s display shows the measured voltage, reflecting the

potential difference between the two points where it is connected. This voltage reading

represents the ‘electrical potential difference across the component.



Section (D): Numerical:
1. An aluminum window has a width of 60 cm and length of 85 cm as shown in the figure.

a. When the window is closed the magnetic flux density is 1.8 x 10™* T is normal to
window.
b. Calculate the magnetic flux through the window.

Aluminum —
Frame

85 cm

Data:
w=60cm,l= 85cm,B=18x 107*T,0 = 0? (nermal),® =?

Solution:
A =60 x85=5100cm? = 5100 x 10~%m?
@ = BAcos(6) :

= (1.8x 107*)(5100 X 107%)eos(0)
6= 9.18 x 10-5Wh

2. The poles of a horse shoc magnet measures 8cm X 3.2cm, the magnetic flux density
between the magnet poleg is80mT. Outside of the magnet the magnetic flux density is zero.

Calculate the'magnetic flux between the poles of a magnet.
Data:
A= 8cm X 32cm =256 x10"*m? B= 80mT =80x 1073T,0 =?
Solution:
@ = BAcos8@
We assume area and magnetic flux density are parallel, therefore 8 = 0°
@ = (80 x 1073)(25.6 x 10™*)cos(0)
0= 2,048 x 10°* Wb
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5. A moving coil galvanometer has resistance of 50 {2 and it gives full scale deflection at 4mA
current. A voltmeter is made using this galvanometer and a 5 k{2 resistance. Calculate the
maximum voltage that can be measured using this voltmeter.

Data:

R, =500,1; =4mA =4x10A,R, =5k2 = 5x 1030,V =?
Solution:

V= L{R;+R;)

V=4x10"3(50+5x103)

V=202V

6. Compute the magnitude of the magnetic field of a long, straight wire carrying a current
of 1A at distance of 1 m from it. Compare it with Earth's magnetic field.

Data:

B = 1= 1AF = A

Compare it with Earth's magnetic field =?
Solution:

Magnetic field due to a long wire

B=52
& s =30
-
B = (4::;;:;(1)1(1)
B=2x10"T

Earth’s magnetic field = 5 x10™>T
If we divide them

2 x1077 1

5x 10-5 250

So the magnetic field is 250 times less strong than earth’s magnetic field.

For getting all subject PDF notes and guess paper of classes 9 to 12, contact on WhatsApp
number (0340 8057780) of ME English Center
Prepared by: Sir Usama Ur Rehman



7. Find the current in a long straight wire that would produce a magnetic field twice the
strength of the Earth’s at n distance of 5.0cm from the wire. (Magnetic field of Earth =
50x10°5T)

Data:
I=7,8=28,=2(50x10) =1x107*T.r=50em=50%x10""m
Solution:

(dm=ia="}

1x107" = (2w b ib-T)

I=254A
8. What is Mux density al a distance of 0. 1 m in air from along stra conductor carryving
a current of 6.5 A. Calculate the force per unit length on o conductor at a
mau.mmmmqmm-md:&\(\
Data: V\

Belr=01ml= ﬁSd—ﬂ? h= 3@

Solution:
B = P;Tj: @\'
& fg =4 x 1077 (\%t}

(im=in=T)as)
B= 2oy

B=13x m"‘ri\@gu gt
F= EI,L.;U:Q

We assume length and magnetic flux density are perpendicular, therefore § = 90°
(13 % 107®)(3)5in90

I

F_ |
-=39x10"% =
L m



UNIT: 20 AC CIRCUIT

MCQ'S

KEY
1.a 2.a 3.b 4. a 5.d
6.cC 7.d 8.a 9.¢ 10.b

Section (B): CRQs (Short Answered Questions):

1. Define RMS voltage and explain its significance in AC circuits.

Ans) Definition of RMS Voltage: RMS (Root Mean Square) voltage is a measure of the
effective value of an alternating current (AC) voltage. It represents the equivalent DC voltage that
would deliver the same power to a resistive load.

Significance in AC Circuits:

Power Calculation: RMS voltage is erueial for calculating the power in AC circuits.
Comparison with DC: RMS voltage allows for a direct comparison between AC and DC
circuits by expressing AC voltagédn terms of an equivalent. DC voltage.

Safety and Standards: Elecwical standards and safety guidelines typically use RMS
values to specify voltagestand currents because they reflect the actual potential for
delivering power.



2. Explain the difference between peak voltage, RMS voltage, and average voltage in AC

circuits.
Ans)

Parameter Peak Voltage RMS Voltage Average Voltage
(Vpeak) (VRMS) (Vavg)

Definition Maximum Effective value of AC | Average of the
instantaneous voltage | voltage equivalent to | instantaneous voltage
in the waveform. DC voltage in terms | over a full cycle.

of power.

Formula It has no formula. _ Voeak For sinusoidal:

Vrms = 2 wzxvpeak
ag =

Cycle Average Value of the highest | Represents effective *: Zero for a full
point in one cycle. power-carrying sinusoidal cycle;

capability. mean absolute value
5 bl is used.

Practical Use Useful for Used for power Less commonly used
understanding calculations and for power
maximum values. effective\veltage calculations; more for

measdrement. general average.

3. Define alternating current (AC) and explainhow it differs from direct current (DC).

Ans) Alternating current (AC): Altérnating current (AC) is an electric current that
periodically reverses direction and changes its magnitude continuously with time.

Differentiate between alternating current (AC) and direct current (DC):

using generators). DC generators.

Characteristic | Alternating Current (AC) Direct Current (DC)

Definition EleCtricecurrent that reverses Electric current that flows in one
diréction periodically. constant direction.

Direction of Changes direction periodically Flows in a single, unchanging

Flow (back and forth). direction.

Frequency Has a frequency (e.g., 50 Hz or 60 | Frequency is zero (no oscillation).
Hz, depending on the region).

Source Generated by power plants (e.g., Generated by batteries, solar cells, and




4. Define reactance in AC circuits and differentiate between capacitive and inductive
reactance.

Ans) Reactance in AC circuits: Reactance is the measure of the opposition to the flow of
alternating current caused by the inductance and capacitance in a circuit rather than by resistance.

Differentiate between capacitive and inductive reactance:

Characteristic Capacitive Reactance Inductive Reactance
Definition Opposition to the change in voltage in | Opposition to the change in current
a circuit due to capacitance. in a circuit due to inductance.
Formula ¥ = 1 X =2nflL
¢ 7 2mfC
Depends on Inversely proportional to frequency (f) | Directly proportional to frequency
and capacitance (C). (f) and inductance (L).
Frequency Decreases as frequency increases. Increases as frequency increases.
Relationship

5. Describe the behavior of capacitors and inductors in AC circuits.

Ans) Behavior of Capacitors in AC Circuits: In AC circuits, a capacitor causes the current
to lead the voltage by 90 degrees, meaning that the current reaches its peak before the voltage does.
The opposition a capacitor provides to AC, khown as capacitive reactance, decreases as the

frequency increases. This is described by the formula X = ﬁ where f is the frequency and C

is the capacitance. As a result, capacitors allow more current to pass through at higher frequencies.
Capacitors store energy in the form of an electric field between their plates, releasing it when the
voltage changes. At high frequencies, capacitors behave almost like short circuits, allowing AC to
flow through with minimal resistance.

Behavior of Inductors in AC Circuits: In an AC circuit, an inductor causes the current to
lag behind the voltage by 90 degrees, meaning that the voltage reaches its peak before the current
does. The inductive reactance, which is the opposition an inductor provides to AC, increases with
frequency, as described by the formula X; = 2nfL, where f is the frequency and L is the
inductance. Therefore, inductors resist the flow of current more as the frequency increases.
Inductors store energy in the form of a magnetic field around their coils, releasing it when the
current changes. At high frequencies, inductors act almost like open circuits, significantly
impeding the flow of AC.



6. Explain the phase relationship between voltage and current in capacitive and inductive
AC loads.

Ans) When capacitors or inductors are involved in an AC circuit, the current and voltage do not
peak at the same time. The fraction of a period difference between the peaks expressed in degrees
is said to be the phase difference. The phase difference is <= 90 degrees. It is customary to use the
angle by which the voltage leads the current. This leads to a positive phase for inductive circuits
since current lags the voltage in an inductive circuit. The phase is negative for a capacitive circuit
since the current leads the voltage.

Voltage Voltage

Current
/ Current

Inductive circuit Capacitive circuil -

Fig: Phase relationship between voltage @nd current

7. What is resonance in AC circuits? Discuss its conditions and applications.

Ans) Resonance in AC Circuits: Resonancé in AC circuits occurs when the inductive
reactance (X;) and capacitive reactance(Xg)-afeequal in magnitude but opposite in phase,
effectively canceling each other out. Whemthis happéns, the circuit's impedance is minimized, and
the circuit behaves purely resistively. The fesult is a maximum current flow at a specific frequency
known as the resonant frequency.

Conditions for Resonance: Férresonance to occur in an AC circuit, particularly in an RLC
circuit (a circuit containing a resistor, inductor, and capacitor), the following condition must be
met:

X L= X G
Applications of Resonance:

1. Tuning Circuits: Resonance is used in radio and television receivers to select specific
frequencies from a broad range of signals. Tuning circuits resonate at the desired
frequency, filtering out all other signals.

2. Filters: Resonant circuits are used in band-pass and band-stop filters to allow or block
specific frequency ranges. This is particularly useful in communication systems.

3. Impedance Matching: Resonance can be employed to match the impedance of different
parts of a circuit, maximizing power transfer. This is important in applications like antenna
systems and audio engineering.



4. Inductive Heating: Resonance is used in inductive heating applications, such as in
induction cooktops, where the resonant frequency is used to efficiently transfer energy and
generate heat.

5. Oscillators: Resonant circuits are fundamental in designing oscillators, which generate AC
signals at a specific frequency. These oscillators are widely used in clocks, radios, and
computers.

8. Discuss the role of transformers in AC circuits and explain how they work.

Ans) Role of Transformers: Transformers are essential in adjusting voltage levels in AC
circuits, enabling efficient long-distance power transmission. They step up voltage to minimize
losses and step it down for safe consumer use, making them vital in power distribution systems.

How Transformers Work: Transformers operate based on the principle of electromagnetic
induction, as described by Faraday’s Law. When an alternating current flows through the primary
winding, it generates a changing magnetic field within the transtformer’s core. This fluctuating
magnetic field induces a voltage in the secondary winding. The voltage induced depends on the
ratio of the number of turns in the primary and secondary coils, known as the turns ratio. If the
secondary coil has more turns than the primary, the transformer is a step-up transformer, increasing
the voltage. Conversely, if the primary coil has more turns, it’s a step-down transformer, reducing
the voltage. This process ensures efficient energy transfer and voltage regulation across various
applications. '

9. Explain the behavior of an RLC series circuit in terms of impedance, resonance, and phase
angle.

Ans) Impedance in an RLC series circuit: In an RLC series circuit, the total impedance(Z)
is a combination of resistance (R). inductive reactance (X ), and capacitive reactance (X.). The
impedance is given by:

Z = |R? + (X, — X¢)?

The impedance depends on the frequency of the AC supply. At low frequencies,X, dominates,
leading to higher impedance. At high frequencies, X; dominates, also resulting in higher
impedance. The impedance is minimized at the resonant frequency, where X; = X,.

Resonance in an RLC Series Circuit: Resonance occurs in an RLC series circuit when the
inductive reactance and capacitive reactance are equal:

‘XL= XC

At the resonant frequency f,., the impedance of the circuit is purely resistive and is at its minimum
value:

Lyesonance = R



At this point, the current in the circuit is at its maximum, and the circuit can oscillate at the resonant
frequency without external input, depending on losses.

Phase Angle in an RLC Series Circuit: The phase angle (@) in an RLC series circuit
represents the phase difference between the total voltage and the current. It is determined by the
relative values of X; and X.:

If X, > X_, the circuit is inductive, and the phase angle is positive (¢ > 0), meaning the
current lags behind the voltage.

If X, > X;, the circuit is capacitive, and the phase angle is negative (¢ < 0), meaning the
current leads the voltage.

At resonance, X; = X, and the phase angle is zero (@ = 0),meaning the current and
voltage are in phase.

10. Describe the operation and applications of a transformer in AC circuits.

Ans) Operation of a Transformer: A transformer operates based on the principle of
electromagnetic induction to transfer electrical energy between two or more circuits. It consists of
two main components: primary and secondary coils (windings) wound around a common core.

1,

1.

1il.

AC Voltage Application: An alternating current (AC) is applied to the primary coil. This
creates a time-varying magnetic field around the coil.
Magnetic Induction: The varying magnetic field generated by the primary coil induces a
voltage in the secondary coil through the core, which is usually made of ferromagnetic
material to enhance magnetic coupling.
Voltage Transformation: The voltage induced in the secondary coil is proportional to the
turns ratio of the coils. If N,, and N; are the number of turns in the primary and secondary
coils, respectively, the voltage ratio is given by:

Vi _ Ng

v, N,

Where Vj, is the primary voltage and V; is the secondary voltage. This allows the transformer to
either step up (increase) or step down (decrease) the voltage according to the turns ratio.

Applications of a Transformer:

1.

ii.

Voltage Regulation: Transformers are used to adjust voltage levels in power distribution
systems. They step up the voltage for efficient long-distance transmission and step it down
to usable levels for end-user applications.

Isolation: Transformers provide electrical isolation between different parts of a circuit,
which enhances safety and prevents interference between high-voltage and low-voltage
systems.



iii. Impedance Matching: Transformers are used to match impedances between different
circuit components, such as in audio systems, where they ensure maximum power transfer
between stages of the circuit.

1v.  Signal Processing: In electronics, transformers are used in signal processing applications
to convert and filter signals. For instance, in radio and television receivers, transformers
help in tuning and signal amplification.

Section (C): FRQs (Long Answered Questions):

1. Explain the concept of phasor in the context of AC voltage. How are phasors used to
represent sinusoidal voltages?

Ans) Vector Representation of an Alternating quantity: To solve AC problems
effectively, it is beneficial to represent a sinusoidal quantity, such as voltage or current, using a
line of specific length that rotates in a counterclockwise direction with the,_same angular velocity
as the sinusoidal quantity. This rotating line is commonly referred to as,a-phasor.

Let's consider a line denoted as OA, referred to as a phasor, which acc-i]rately represents, to scale,
the maximum value of an alternating quantity, such as cleetromotive force (emf). In this
representation, OA equals the maximum emf value and ratates counterclockwise at an angular
velocity of radians per second around the point O, as illustratéd in Figure below. An arrowhead is
placed at the outer end of the phasor, serving both to indieate the assumed direction of movement
and to specify the precise length of the phasor, espécially when multiple phasors coincide.

In Figure below, OA represents the phasor after.it has rotated through an angle 6, equivalent to
wt, from its initial position when the enil Wwas at its zero value. The projection of OA on the
Y-axis, denoted as OB, equals 0A tmﬂﬁpﬂed by sin 6, which is equivalent to Emax sin wt,
representing the instantaneous valuenof the emf, denoted as 'e, at that particular moment.
Therefore, the projection of OA.en the vertical axis accurately portrays, to scale, the instantaneous
value of the emf. '

% 3n/2 2n

Fig: The propagation of sinusoidal wave and its vector (phasor) representation



2. Describe the concept of impedance in AC circuits. How does impedance differ from
resistance, and what are the units of impedance?

Ans) Key Aspects of Impedance: Impedance is a fundamental concept in AC (alternating
current) circuits, representing the total opposition that a circuit offers to the flow of alternating
current. It is a combination of resistance (from resistors) and reactance (from inductors and
capacitors). Impedance takes into account both the magnitude of opposition and the phase shift
between voltage and current.

It is a complex quantity that includes both resistance and reactance. The formula for impedance is
typically expressed as:

Z=R+jX
Where
e 7 is the impedance (a complex number).
e R is the resistance (real part).
e X is the reactance (imaginary part), which can be ¢ither inductive or capacitive.
e jis the imaginary unit (equivalent to the square root of -1).

Difference between impedance and resistance:

i.  Definition: :

e Impedance: Impedance (denoted as £) is a measure of the opposition that a circuit
presents to the flow of alternatinig current (AC). It includes both resistance and
reactance (the opposition due to capacitors and inductors).

e Resistance: Resistance (denoted as R) is the opposition to the flow of direct current
(DC) in a circuit and depends only on the material and shape of the conductor.

ii. Nature:

e Impedance: Impedance is a complex quantity consisting of both real (resistance)
and imaginary (reactance) components. It is frequency-dependent and affects AC
circuits,

e Resistance: Resistance is a purely real quantity and applies to both AC and DC
circuits, but it is independent of frequency.

ili. Formula:

e Impedance:

Z=R+jX

e Resistance:

R =

~| <

Where R is resistance, V' is voltage, and [ is current.



iv. ACvs.DC:

e Impedance: Relevant to AC circuits where both resistance and reactance (due to
capacitors and inductors) are present. Impedance affects the amplitude and phase
of the current.

e Resistance: Applies to both AC and DC circuits, but in AC circuits, it only
contributes to the real part of impedance. In DC circuits, only resistance matters
since reactance is zero at zero frequency.

v. Frequency Dependence:

e Impedance: Varies with the frequency of the AC signal. Higher frequencies
increase reactance for inductors and decrease it for capacitors.

e Resistance: Constant regardless of the frequency of the current.

Units of Impedance: Impedance is measured in ohms (Q), just like resistance. However, since
it’s a complex quantity, it reflects both the resistive and reactive components of the circuit.

3. How does the reactance of an inductor and a capacitor change with frequency in an AC
circuit? Provide an explanation based on the fundamental formulas?

Ans) The reactance of an inductor and a capacitor in an AC circhiit changes with the frequency of
the alternating current, and this relationship is governed by fundamental formulas for inductive
and capacitive reactance.

i. Inductive Reactance (X ): Inductive reactance (X;) is the opposition that an inductor
offers to the change in current in an A€ circuit. It increases with the frequency of the AC
signal.

The formula for inductive rCACtINEES:
' X, = 2nflL
Where: &
e X, is the induclive reactance (in ohms),
o fisthel req_ué:ncy of the AC signal (in hertz),
e L is thelinductance (in henries).

Explanation:

e As frequency (f) increases, the inductive reactance increases linearly. This means
that the higher the frequency, the more the inductor resists the flow of alternating
current.

e Atlow frequencies, the reactance of an inductor is small, allowing more current to
flow. As the frequency increases, the inductor opposes the current flow more
strongly, causing the current to lag behind the voltage.



ii. Capacitive Reactance (X(): Capacitive reactance (X;) is the opposition that a
capacitor offers to the change in voltage in an AC circuit. It decreases with increasing
frequency.

The formula for capacitive reactance is:
1

*e = 2nfc
e X, is the capacitive reactance (in ohms),
e f is the frequency of the AC signal (in hertz),
e ( is the capacitance (in farads).

Explanation:

e As the frequency (f) increases, capacitive reactance decreases. This means that at
high frequencies, the capacitor offers less opposition to the current flow.

e At low frequencies, the capacitive reactance is high, blocking much of the current.
As the frequency increases, the capacitor allows more current to flow, and the
current leads the voltage.

4. Discuss the concept of resonance in RLC circuits. What conditions lead to resonance and
how does it affect the behavior of the circuit?

Ans) Resonant Frequency: For a certain trequency the capacitive and inductive reactance

becomes equal, X, = X;. This frequency is called resonant frequency f, and circuit is said to be
1n resonance state.

Condition lead to resonance: Resonance occurs when

C apdcitive Reactance = Inductive Reactance
XC - XL

Behavior of the circuit due to resonance: From figure below note that X, and X; are in
opposite direction. Therefore, at resonant frequency they cancel each effect in circuit. Now
opposition to the current flow is solely offered by resistor, resulting in maximum current to flow
through the circuit, moreover either side of resonant frequency the current in the circuit decreases,
as shown in the figure.

r 3

Current
amplitude

s =
' Frequency Figure: The resonant frequency



5. Compare and contrast series and parallel resonance in RLC circuits. What are the key
differences between the two resonance configurations?

Ans) Series and parallel resonance are two important configurations of RLC circuits, each having

unique characteristics and behaviors. Here's a comparison of the two:

i. Circuit Configuration:

Series Resonance: In a series resonance circuit, the resistor (R), inductor (L), and
capacitor (C) are connected in series, meaning the same current flows through all
three components.

Parallel Resonance: In a parallel resonance circuit, the resistor, inductor, and
capacitor are connected in parallel, meaning the voltage across each component is
the same, but the current is divided among them.

ii. Impedance at Resonance: !
e Series Resonance: At resonance, the total impeda"nce of the circuit is at its

minimum and is equal to the resistance (R) alqne,*as the inductive and capacitive
reactances cancel each other out. The circuit behaves like a purely resistive circuit.
Parallel Resonance: At resonance, thestotal impedance of the circuit is at its
maximum. The impedance becomes theoretieally infinite in an ideal circuit (due to
zero net reactance), but in practical circuits, it is large, leading to minimal current
through the circuit.

iii.  Current Behavior:

Series Resonance: At resonance, the current is maximum since the impedance is
minimized. This makes gériés resonance circuits useful in applications where high
current at a specific frequency is needed.

Parallel Resonances At resonance, the current drawn from the source is minimum,
as the impedance.is'maximized. However, large circulating currents flow between
the inductor :md_t:apacitor within the parallel branches.

iv.  Voltage Behayior:

Series Resonance: The voltage across individual components can be much larger
than the supply voltage, particularly across the inductor or capacitor due to high
current at resonance. This is called voltage magnification.

Parallel Resonance: The voltage across the parallel circuit components is
approximately equal to the source voltage, but the current through the inductor and
capacitor can be large (current magnification), while the total current from the
source remains low.



V.

Application:
e Series Resonance: Commonly used in applications requiring frequency selection,
such as tuned circuits in radio receivers and filters, where high current is desired at
a specific resonant frequency.
e Parallel Resonance: Used in tank circuits or LC oscillators, where high impedance
at resonance limits current, making it suitable for generating stable frequencies in
oscillators or filtering out signals in power supply systems.

6. Explain the transient response of an RLC circuit when initially connected to an AC source.
What happens to the currents and voltages in the circuit?

Ans) When an RLC circuit is initially connected to an AC source, the transient response refers to

the behavior of the currents and voltages before the circuit reaches its steady-state operation. This
response occurs because the circuit contains reactive elements (inductors.and capacitors) that store
and release energy, which causes the system to take time to settle into @ steady oscillatory state.
Here's an overview of what happens during the transient response in 4o RLC circuit:

1.

ii.

iil.

Initial Condition: When the circuit is first connectegdo an AC source, the inductor and
capacitor may not have any stored energy, meaning the ifitial currents and voltages can be
zero. However, the inductor and capacitor will begia to store energy as the AC source starts
to provide alternating voltage. _

Energy Exchange Between Inductor and Capacitor:

e Inductor: When current flows through the inductor, it resists changes in current
due to its property of inddetances In'i'tially, the inductor opposes the increase in
current, causing a voltage dropracross it.

e Capacitor: The capagitef, jon the other hand, resists changes in voltage. It will
initially charge up fronithe AC source, causing a voltage across its terminals that
opposes Lhe souncéwoltage.

Transient Oscillations: During the transient period, the RLC circuit exhibits
oscillatory behaviprwhere energy is transferred back and forth between the inductor and
the capacitor. This oscillation happens because the inductor and capacitor continually
exchange energy between their magnetic and electric fields. The circuit’s response can be
classified based on the damping (resistance) in the system:

e Underdamped Response: If the resistance (R) is small, the circuit will oscillate
with decreasing amplitude over time. The current and voltage will oscillate
sinusoidally while decaying gradually, eventually reaching a steady state. This is
the most common transient behavior in RLC circuits.

e Critically Damped Response: If the resistance is at a critical value, the system
will return to steady state without oscillating, but it will do so as quickly as possible.

¢ Overdamped Response: If the resistance is large, the circuit will return to steady
state slowly, without oscillating. The current and voltage will gradually approach
their final values over time.



1v.

In an underdamped circuit, the current and voltage oscillate at the circuit's natural resonant
frequency, given by:

1

w = —
° JIC
However, due to the presence of resistance, the actual oscillation frequency (damped
natural frequency) is slightly lower than w,.

Damping Effect of Resistance (R): The resistor (R) dissipates energy in the form
of heat, which causes the oscillations to decay over time. The rate of decay depends on the
value of the resistance:

e A higher resistance causes the oscillations to die out faster.

e A lower resistance allows oscillations to persist longer.
Reaching Steady State: After the transient period, the circuit reaches steady state,
where the response is purely sinusoidal at the same frequency as the AC source. The
transient oscillations die out, and the voltages and currents in the circuit are in phase (or
have a steady phase relationship) with the AC source. depending on the impedance of the
circuit.
In the steady state:

e The voltage and current will have a phase difference that depends on the relative

magnitudes of the inductive and capacitive reactances.
e The circuit will behave as if the initial transient oscillations never occurred.

7. Why alternating current (AC) is commonly used for long-distance power transmission?

Ans)

1,

ii.

1ii.

iv.

Ease of Voltage Transformation: AC can be easily transformed to higher voltages
for long-distance transmission using transformers, reducing current and minimizing power
losses. Stepping down the voltage at the receiving end is also straightforward.

Lower Transmission Losses: Higher voltages reduce current and thus minimize
resistive losses (I2R) in transmission lines, making AC more efficient for long-distance
power delivery.

Cost-Effectiveness: AC transmission infrastructure, like transformers and switchgear,
is well-established, simpler, and more cost-effective than DC for most applications.
Simplicity of Generation and Distribution: AC is easily generated by rotating
machines, and voltage adjustments for distribution are simpler, making it more practical
for large-scale power systems.

Three-Phase System Advantages: AC uses a three-phase system that ensures
efficient power transfer and better conductor utilization over long distances.



V.

Vii.

Simplicity of Switching and Protection: AC systems have simpler and more
effective switching and protection devices, as current naturally crosses zero in each cycle,
simplifying circuit breaking.

Integration with the Grid: AC is widely used in global power grids, enabling easy
interconnection and efficient power transmission across vast distances.

8. Describe the purpose and function of a choke coil in AC circuits.

Ans) Purpose of a Choke Coil in AC Circuits: A choke coil is primarily used to limit or
block higher-frequency alternating current (AC) signals while allowing lower-frequency signals
or direct current (DC) to pass. Its purpose is to filter or smooth current flow in AC circuits, helping
to remove unwanted high-frequency components and ensuring stable operation in devices like

power supplies, radio circuits, and fluorescent lights.

Function of a Choke Coil:

14

11.

1il.

1v.

Inductive Reactance: The choke coil is essentially an inductor, and inductors oppose
changes in current through a property called inductive reactance, which is frequency-
dependent. The reactance X; of a coil increases with {requency according to the formula:
X; = 2nfL

Where:

e X; is inductive reactance.

e f is the frequency of the AC signal.

e L is the inductance of the coil.

This means that at higher.frequencies, the choke coil offers greater opposition to the
current, effectively «choking . off high-frequency components while allowing lower-
frequency or steady (DC) components to pass with little resistance.

Current Smoothing: In power supply circuits, choke coils are used to smooth out
fluctuations in current caused by rectification processes. When AC is converted to DC,
ripple voltages remain. The choke coil helps to filter out these ripples, providing a
smoother, more stable DC output by reducing the AC components from the rectified
current.

Energy Storage: The choke coil stores energy in its magnetic field when current passes
through it. During periods when the current decreases, the coil releases stored energy,
helping to maintain a continuous flow of current. This property is especially useful in
circuits where consistent current is critical.

Reducing Electromagnetic Interference (EMI): In power electronics, choke coils help
reduce electromagnetic interference (EMI) by blocking high-frequency noise generated by
switching devices. This makes them vital in electronic devices, helping to comply with
EMI regulations and ensuring the safe and interference-free operation of electrical systems.



v.  Controlling Current in Fluorescent Lamps: In fluorescent lamps, choke coils are used
in the ballast circuit to limit the current flowing through the lamp. When a fluorescent lamp
is powered, the choke limits the current after the initial striking of the arc, protecting the
lamp from drawing too much current, which could damage it.

Section(D): Numerical:

1. A resistor (R) of 20 ohms is connected in series with a capacitor (C) of 10 pF in an AC
circuit with a frequency of 50 Hz. Calculate the total impedance?

Data:
R = 20 ohms,C =10 puF,f = 50Hz, Z =?

Solution:

!

C ™ 2mfc

1

Xc = 2m(50)(10x10-6)

Xc = 318.31 ohms

Z= /Rz + X2

Z =202 +318.312

Z = 318.94 ohms

2. For an inductor with an indugtance (L) of 0.5 H and a frequency of 100 Hz, calculate the
inductive reactance?

Data:

L=05H,f=Y0HzX; =?
Solution:

X, = 2nfL

X, =2m(100)(0.5)

X, =314.16 ohms



3. In an RL circuit, the resistance (R) is 30 ohms, and the inductance (L) is 0.2 H. Calculate
the total impedance at a frequency of 60 Hz?

Data:

R = 300hms,L=0.2H,f = 60Hz, Z =?
Solution:

X; = 2nfL

X, = 2n(60)(0.2)

X; = 75.4 ohms

Z=+R%2+X;>
Z =302 +75.42
Z =81.10hms

4. In an RC circuit, the resistance (R) is 50 ohms, and the capacitance (C) is 20 pF .Calculate
the capacitive reactance?

Data:
R = 50 ohms,C = 20 yF, X, =7

Solution:

1

C ™ 2nfc

We are assuming the frequency of 50 Hz

=

T 2m(50)(20x1076)

X =159.15 ohms

Xc



5. An AC circuit has a resistance of 40 ohms, an inductive reactance of 30 ohms, and a
capacitive reactance of 20 ohms. Draw the impedance triangle and calculate the total

impedance?
Data:
R = 40 ohms, X; = 30 ohms, X, = 20 ohms, Triangle =?,Z =?

Solution:

Xr=X, —X¢
Xr=30-20
Xr =10 ohms
Z =+/402% + 102
Z=41.2 ohms

-
tan @ = -

20

tan @ = 0
@ = 26.56°

1O ok

K

R =110 ohms

6. In a series RL. circuit, the resistance (R) is 25 ohms, and the inductance (L) is 0.1 H.
Calculate the phase angle and impedance at a frequency of 80 Hz?

Data:

R=1250hms, L= 01H,0=7,Z=2,f = 80.Hz
Solution:

X, = 2nfL

X, = 21(80)(0.1)

X; = 50.26 ohms



Z=4R?+X,*
Z = V252 + 50.262
Z = 56.13 ohms

=X

tan @ = —
50.26
tan @ = ?
® = 63.55°

7. In a parallel RC circuit, the resistance (R) is 60 ohms, and the capacitance (C) is 30 pF.
Calculate the total current flowing through the circuit at a frequency of 120 Hz? While
voltage is 60 V.

Data:

R = 60 ohms,C = 30 uF,f = 120 Hz,V = 60 I~

Solution:
v
IR = E
60
I = =
IR - ].A
1
C ™ anfc
1
dg= 2m(120)(30x10~6)

Xc =44.2 ohms

Vv
Bk oo

60
= o
IC - 1.36A

I = ffRZ +.12

Ir = y/(1)? + (1.36)?
Ir=1.694




8. In an RLC circuit, the resistance (R) is 50 ohms, the inductance (L) is (0.1 H, and the
capacitance (C) is 50 pF. Calculate the resonance frequency?

Data:
R =50 0ohms, L=0.1H,C = 50ypF, f, =?

Solution:

1
fr—an

1

= 21,/(0.1)(50%10-6)
fs="71.2Hz




UNIT 21: PHYSICS OF SOLIDS

MCQ'S

l.a 2.d 3.b % a 5.a
6.c 7.a 8.a 9.a 10.b

Section (B): CRQs (Short Answered Questions):

1. Why are the springs made of steel and not of copper?
Ans) Steel is more elastic than copper.Due to this reason that springs are made of steel not copper.

2. The breaking force for a wireiis F. What will be the breaking force for two parallel wires
of the same size?

Ans) When two wires‘f the same size are suspended parallel, then the breaking force of each wire
being F, the breaking foree of two wires in parallel will be F + F = 2F.



3. Distinguish between intrinsic and extrinsic semiconductor.

Feature Intrinsic Semiconductor Extrinsic Semiconductor
Definition Pure semiconductor with no Semiconductor with intentionally
impurities. added impurities (dopants).
Conductivity | Low conductivity due to limited free Higher conductivity due to the
electrons and holes. presence of additional charge carriers
from dopants.
Carrier Carrier concentration depends only on | Carrier concentration depends on
Concentration | temperature. both temperature and the amount of
doping.
Types Only one type, based on pure material | Two types: n-type (with extra
(e.g., silicon, germanium). electrons) and p-type (with extra
holes).

4. A wire is replaced by another wire of same length and material but of twice the diameter.
What will be the effect on the )

(a) Increase in its length under a given load? (b) Maximum load which it can
bear?

Ans)

(a) Young's modulus (Y) is defined as:

__ Stress _ FJA
= Strain AL/L

A= 22
YA
AL=
V(T)
4FL
AL = Yrrd2

Since diameter is double.

4FL

AL = Yr(2d)?

ALl = L AFL

4’ ynaz

e BB
' "~ Ynd?

RE = 2= AL
4

This means that the increase in length under the same load is reduced to one-fourth.



(b) The maximum load F, 4, that a wire can bear before breaking is related to its cross-sectional
area:

Fuax = Y.A.Z
d?\ AL
Foax =Y. (%) -

Since diameter is double.

.. =Y (”(2‘”2) 2

4
[ d2\ AL
B =AY (”T)T
nd?\ AL
& By =Y. T T
Fmax! = 4Fpay

This indicates that the maximum load which the new wire can bear is four times that of the original
wire.

5. Sand does not possess any definite shape and volume, still it is solid. Give reason.

Ans) This is due to the fact that there is some spaee present between the sand particles. So, it does
not possess a definite shape. Sand is a Lype ‘of granular solid and the space between the sand
particles is greater in comparison to the sqlith particles.

6. Specify the importance of stress-strain curve.

Ans) The stress-strain curve proyides design engineers with a long list of important parameters
needed for application design..A stress-strain graph gives us many mechanical properties such as
strength, toughness, elasticity, y‘iéld point, strain energy, resilience, and elongation during load. It
also helps in fabricatidn.

7. Why liquids don't possess rigidity?

Ans) Liquids have less intermolecular force of attraction and have high kinetic energy than solids
that have high intermolecular force of attraction. Hence, they flow and aren't rigid.



8. Give applications of Curie point.
Ans) Applications of the Curie point include

e Magnetic Storage Devices: The Curie point is used in data storage technologies, such as
hard drives, to erase magnetic data by heating the material above its Curie temperature.

e Magnetic Refrigeration: Materials undergo magnetic phase transitions at their Curie
point, used in magnetic refrigeration systems.

¢ Temperature Sensors: Curie point materials are used in temperature sensing devices, like
thermostats, where the change in magnetic properties indicates a specific temperature.

e Permanent Magnets: Understanding the Curie point helps in designing permanent
magnets that retain their magnetism up to desired temperature limits.

9. What are amorphous materials and what are their uses?

Ans) Amorphous materials: Amorphous materials are solids that lack a long-range, ordered
crystal structure, with atoms arranged randomly, like in glass.

Uses:

e Glass: Used For windows, optical lenses, and containers.

e Amorphous metals: Used in transformers and magnetic cores due to low energy loss.
e Semiconductors: Used in thin-film transistors for displays (e.g., LCD, OLED).

e Amorphous silicon: Used in solar panels,



Section (C): BRQs (Long Answered Questions):
1. Explain Force-Extension graph.

Ans) Force-Extension Graph: In material science, the force versus extension graph for a
material gives the relationship between stress and strain. This is obtained by gradually applying a
load to a test component and measuring its deformation according to tensile standards. These
curves reveal many of properties of materials, such as the young's modulus, the yield strength, the
ultimate tensile strength and so on. For different types of materials as shown in figure below.

A brittle material

a

Stress /Pa A strong material which is not ductile

A ductjle J,Jr‘ltmdl

A plastic material

A »E (Strain)

Fig: force extension graph reveals the properties of different materials

The blue line (brittle) represents-he.behavior of a typical elastic material, which follows Hooke's
Law. As the material is stretehedythe force applied to it increases linearly with the extension, up
to a point called the yicld :pdfht'. The material eventually reaches a maximum point of extension,
is called the ultimate exl:g-:nsit)n or fracture point, beyond which it breaks or fractures.

The green line (ductile) represents the behavior of a typical viscoelastic material, which exhibits
time-dependent deformation under a constant force. In this case, the material initially undergoes
elastic deformation, similar to the elastic material, but then continues to deform slowly over time
under a constant force, eventually teaching a maximum extension or creep limit.

The purple line (Plastic) represents the behavior of a typical plastic material, which exhibits
permanent deformation when subjected to a force. In this case, the material undergoes plastic
deformation immediately, with no linear region or yield point, and continues to deform
permanently as the force is increased, until it ultimately fractures or breaks.

The Red line is showing strong material which is not ductile, like steel wires stretch very little and
breaks suddenly.



2. Derive relation for Young's Modulus and Shear Modulus.

Ans) Young's Modulus (modulus of elasticity): The Hooke's law can be written for
Young's Modulus is defined as the ratio of stress to strain.
_ Stress
~ Strain
£
g Bl
YT
L
V= FXL
T ALXA

Shear Modulus: Shear modulus is the measure of the rigidity of the body _'
stress to shear strain.

which is the ratio of shear

Shear stress
"~ Shear strain

Consider a rigid body as shown in figure below. When__g:pwd-.upon by tangential force to twist it.

Fig: Shear modulus
The shear stress is F*/A and shear strain is AX /L. Therefore, the shear modulus becomes

F
_i
“=ix
L
F XL

6= S¥xa




3. Distinguish between structure of crystalline, glassy, amorphous, and polymeric solids.

Ans)

Property Crystalline Glassy Solids Amorphous Polymeric
Solids Solids Solids

Atomic Regular, Random, short- Random, no Long chains or

Arrangement Repeating range order. long-range networks of
pattern. order. repeating units.

Melting Point Sharp, Specific Gradual, over a | Gradual, over a | Varies, typically
temperature. range of range of lower than

temperature temperatures. crystalline
solids.

Rigidity Very rigid and Rigid, but less Not as rigid as Can be flexible
well-defined than crystalline | crystalline . or rigid.
structure. solids. solids.

Transparency Can be Transparent or Opaque Depending on
transparent or opaque structures, can
translucent. depending on be transparent or

composition. | opaque

Examples Diamond, salt Window glass, Rubber, some Polyethylene,
crystals, silicon. | certain plastics; | plastics, glass. PVC, nylon.

amorphous
metals,

4. Describe the energy bands in solids.

Ans) Energy Bands in Solids: When isolated atoms comes together to form a solid,
interactions between neighboring atoms cause the electron energy levels to split and overlap,
creating continuous energy bands.

Valence Band: The valence band is the range of energy levels occupied by electrons that are
bound to atoms and participate in chemical bonding. It is the highest energy band that contains
electrons under normal conditions.

Forbidden Band (Energy Gap): The forbidden band, or energy gap, is the range of energy levels
between the valence band and the conduction band where no electron states exist. This gap
influences the material's electrical properties; a larger gap typically means the material is less
conductive.

Conduction Band: The conduction band is the range of energy levels where electrons are free to
move throughout the material, allowing electrical conduction. Electrons in the conduction band
are not bound to any particular atom and can carry electric current through the solid.



Example: In the case of a diamond crystal, carbon atoms with the electronic structure 1s2 2s? 2p2
form two main energy bands as shown in figure below. The valence band and the conduction band
are separated by an energy gap known as the "forbidden band." The valence band contains the
lower energy states, while the conduction band contains higher energy states. This energy gap
prevents electrons in the valence band from easily moving to the conduction band, significantly
influencing the electrical properties of the solid, such as its ability to conduct electricity.

A

Energy

b - nerg}”Banﬂ
Fig: E, ncrg)Bands

5. Describe superconductivity and its anpheat’i’“onsl

Ans) Superconductivity: Superco ?Ity is a phenomenon where a material exhibits zero
electrical resistance and expels magﬁdﬁf’é,«fields (Meissner effect) when cooled below a critical
temperature (T¢). This allows cu_rrc': to flow without energy loss.

i. Zero Elcctncwlmslstance No resistance to current flow, allowing indefinite circulation
of current.
ii. Meissner Effect: Expulsion of magnetic fields when in a superconducting state.
iii.  Critical Temperature (Tc): The specific temperature below which a material becomes
superconducting.
iv.  Critical Magnetic Field and Current: Superconductors lose their properties if exposed
to magnetic fields or currents above critical values.



Types of Superconductors:

i.  Type I Superconductors: Pure metals, completely lose superconductivity in magnetic
fields above the critical level.
ii. Type II Superconductors: Allow partial magnetic flux penetration; used in practical
applications.
iii. High-Temperature Superconductors (HTS): Operate at higher temperatures (above 77
K).

Applications of Superconductivity:

Magnetic Resonance Imaging (MRI): MRI scanners provide high resolution picture of the
tissues inside the body. Superconducting coils produce a strong magnetic field (up to 60,000 times
as strong as the intensity of Earth's magnetic field) that is used to align the protons of hydrogen
atoms in the body of the patient, as shown in figure below. Like electrons, protons have a 'spin’'
property, so they align with a magnetic field, the proton's axis vibrates about the applied magnetic
field. Vibrating protons are crashed with a burst of radio waves tu;l’ed to push the Protons' spin
axes are sideways, perpendicular to the applied magnetic ficld, When radio waves pass and the
protons quickly return to their vibrating pattern, they emit a faint electromagnetic signal whose
frequencies depend slightly on the chemical environmerit in which the proton resides. These
signals, detected by sensors, are then analyzed by @_semputer to reveal varying densities of
hydrogen atoms in the body and their interactions with*surrounding tissue. The resulting images
clearly distinguish between fluid and bone. ' MRI.was*formerly called NMRI (Nuclear Magnetic
Resonance Imaging) because hydrogen nucleifesonate with the applied fields.

(.
. v equipment
o\ @ Data collec- Superconduct-
E % <«— tion/pro- ing magnet

1

Console

Fig: Working Principle of MRI

. : et \
Receiver coils

Whole body coil Gradient coil




Maglev Train Systems: Maglev train systems use powerful electromagnets to float the trains over
a guideway, instead of the old steel wheel and track system as shown in figure below. A system
called electromagnetic suspension suspends, guides, and propels the trains. A large number of
magnets provide controlled tension for lift and propulsion along a track. Maglev (derived from
magnetic levitation) is aim of train transportation that uses two sets of magnets: one set to repel
and push the train up off the track and another set to move the elevated train ahead, taking
advantage of the lack of friction.

Superconducting

magnets ‘

>l

Electrical
power source

Electromagnet

Fig: Magnetic Levitation
6. Discuss the applications of superconduetors for MRI, Maglev's, and supercomputers.
Ans) Super conductor Applications:

Magnetic Resonance Imaging (MRI): MRI scanners provide high resolution picture of the
tissues inside the body. Superconducting coils produce a strong magnetic field (up to 60,000 times
as strong as the intensity of Earth's magnetic field) that is used to align the protons of hydrogen
atoms in the body of the patient, as shown in figure below. Like electrons, protons have a 'spin’
property, so they align with a magnetic field, the proton's axis vibrates about the applied magnetic
field. Vibrating protons are crashed with a burst of radio waves tuned to push the Protons' spin
axes are sideways, perpendicular to the applied magnetic field. When radio waves pass and the
protons quickly return to their vibrating pattern, they emit a faint electromagnetic signal whose
frequencies depend slightly on the chemical environment in which the proton resides. These
signals, detected by sensors, are then analyzed by a computer to reveal varying densities of
hydrogen atoms in the body and their interactions with surrounding tissue. The resulting images
clearly distinguish between fluid and bone. MRI was formerly called NMRI (Nuclear Magnetic
Resonance Imaging) because hydrogen nuclei resonate with the applied fields.
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Fig: Working Principle of MRI

Maglev Train Systems: Maglev train systems use powerful electromaguetsito float the trains over
a guideway, instead of the old steel wheel and track system as ‘showiin, figure below. A system
called electromagnetic suspension suspends, guides, and prnp_el's':['he"tfains. A large number of
magnets provide controlled tension for lift and propulsion along+a track. Maglev (derived from
magnetic levitation) is aim of train transportation that uses’two’'sets of magnets: one set to repel
and push the train up off the track and another set/to_move the elevated train ahead, taking
advantage of the lack of friction. o

Superconducting
magnets . wls nlsh
/]

Electrical
power source

Fig: Magnetic Levitation

Super Conductivity and Super Computers: Super conducting components can improve the
performance of super computers in several ways as:

Super conducting qubits: These are the basic building blocks of quantum computers, which are
able to perform calculations at speeds that are exponentially faster than classical computers.
Superconducting qubits can maintain their quantum states for long periods of time, allowing for
complex computations to be performed.



Faster processing speeds: Super conducting components can process information at much faster
speeds than traditional electronic components, resulting in faster computing times and the ability
to handle larger datasets.

Lower power consumption: Super conducting circuits require less power to operate than
traditional electronic circuits, reducing energy costs and making them more environmentally
friendly.

Improved reliability: Super conducting components are less prone to errors and can operate for
longer periods of time without failure, resulting in more reliable and efficient supercomputers.

However, the use of superconducting components in super computers is still in the
experimental stage and faces several challenges.

7. Describe hysteresis loss.

Ans) Hysteresis Loss: Hysteresis loss is the energy loss that occurs in a magnetic material
when it undergoes cyclic magnetization, i.e., when it is repeatedly magnetized and demagnetized.
This loss is due to the internal friction caused by the reorientation of magnetic domains within the
material. It is a key factor in determining the efficiency of devices such as transformers, motors,
and generators.

When a magnetic material is subjected to an external magnetic field and the field strength is cycled
(increased and then decreased), the material's magnetization does not follow the same path.
Instead, it forms a loop called the hysteresis loop on a graph of magnetic field strength (H) versus
magnetic flux density (B).

The area enclosed by the hysteresis loop represents the energy lost per cycle of
magnetization. This energy is dissipated as heat, and this heat is referred to as hysteresis loss.

Cause of Hysteresis Loss: Hysteresis loss is caused by the friction between magnetic domains
inside the material as they reorient in response to the changing external magnetic field. When a
magnetic field is applied, the domains (regions where the magnetic moments are aligned) tend to
align with the field. When the field is reduced or reversed, these domains resist changing their
orientation, and energy is required to overcome this resistance. The energy used to reorient the
domains is not fully recovered and is lost as heat.

Impact of Hysteresis Loss:

¢ Efficiency Reduction: Hysteresis loss reduces the efficiency of electrical devices such as
transformers and motors because the lost energy is dissipated as heat.

e Heat Generation: The heat generated by hysteresis loss can cause the temperature of the
material to rise, which may require cooling systems to manage.



Minimizing Hysteresis Loss:

Use of Soft Magnetic Materials: Materials with narrow hysteresis loops, such as silicon
steel or ferrites, are used in transformers and other AC devices to minimize hysteresis loss.
Laminated Cores: In transformers, laminations in the core can reduce both hysteresis and
eddy current losses, improving efficiency.

8. Synthesize hysteresis loop for relationship between magnetic field strength and
magnetizing current.

Ans) Synthesis of hysteresis Loop between Magnetic Field Strength and

Magnetizing Current: The hysteresis loop is a graphical representation, as shown in Figure
below that shows the relationship between the magnetic field strength (B) and the magnetization
(H) of a material. The loop is particularly useful for understanding how a material responds to
changes in an external magnetic field. Here's how you can synthesize the variation of magnetic
field strength with magnetizing current from the hysteresis loop.

14

ii.

iii.

1v.

Hysteresis Loop: A hysteresis loop is a closed curve illustrating a material's magnetic
behavior under a changing magnetic field, formed by plotting the material's magnetization
against the magnetic field strength.

Variation of Magnetic Field Strength with Magnetizing Current: The horizontal axis
of the hysteresis loop represents the magnetizing eurrent or applied magnetic field strength.
The vertical axis represents the resulting magnetization of the material.

Magnetizing and Demagnetizing: Whch the magnetizing current increases, the material
gets magnetized, and the magnetic ficldStrength goes up, shown on the right side of the
hysteresis loop. -

When the magnetizing crrent decreases, the material may not fully demagnetize,
and the magnetic field stréngth remains at a certain level, shown on the descending left
side of the loop. y
Understanding the' Loop: The width of the hysteresis loop indicates energy loss
(hysteresis losg) during magnetization and demagnetization cycles. The shape of the loop
provides inforniation about the material's magnetic properties, such as coercivity and
remanence.

By analyzing the hysteresis loop, the relationship between magnetic field strength
and magnetizing current can be observed, aiding in understanding the material's magnetic
properties and response to external magnetic field changes.



9. Discuss energy bands and their classification. Explain magnetic properties of soft and hard
magnetic materials.

Ans) Energy Bands in Solids: When isolated atoms comes together to form a solid,
interactions between neighboring atoms cause the electron energy levels to split and overlap,
creating continuous energy bands.

Valence Band: The valence band is the range of energy levels occupied by electrons that are
bound to atoms and participate in chemical bonding. It is the highest energy band that contains
electrons under normal conditions.

Forbidden Band (Energy Gap): The forbidden band, or energy gap, is the range of energy levels
between the valence band and the conduction band where no electron states exist. This gap
influences the material's electrical properties; a larger gap typically means the material is less
conductive. \

Conduction Band: The conduction band is the range of energy level§ Where electrons are free to
move throughout the material, allowing electrical conduction. E:lech:ﬂhs in the conduction band
are not bound to any particular atom and can carry electric cur‘iﬁéf;t through the solid.

Example: In the case of a diamond crystal, carbon atoms. \mth the electronic structure 1s? 25> 2p?
form two main energy bands as shown in figure below,, The valence band and the conduction band
are separated by an energy gap known as the "forbidden band." The valence band contains the
lower energy states, while the conduction band+contains higher energy states. This energy gap
prevents electrons in the valence band from éfasﬂy moving to the conduction band, significantly
influencing the electrical properties of thesblid, such as its ability to conduct electricity.

Enugyﬂ

Energy Band

Fig: Energy Bands



Magnetic Properties of Soft Magnetic Materials:

Low Coercivity (He): Soft magnetic materials have a low coercive field, meaning they
can be easily demagnetized when the external magnetic field is removed.

High Permeability (p): These materials exhibit high magnetic permeability, allowing
magnetic flux to easily pass through them. This results in efficient magnetization with
relatively low magnetic fields.

Low Retentivity (Residual Magnetism): They have low residual magnetism
(remanence), meaning they do not retain significant magnetization after the external
magnetic field is removed.

Low Hysteresis Loss: The area of the hysteresis loop for soft magnetic materials is small,
indicating low energy loss during each cycle of magnetization and demagnetization. This
makes them ideal for use in alternating current (AC) applications.

Magnetic Properties of Hard Magnetic Materials:

High Coercivity (Hc): Hard magnetic materials have a high coercive field, meaning they
resist demagnetization even when subjected to opposing magnetic fields or external factors
like heat.

High Retentivity (Residual Magnetism): They have high retentivity, meaning they retain
a significant level of magnetization even afier the external magnetic field is removed. This
makes them suitable for permanent magnets.

Low Permeability (p): Hard magnetic materials have relatively low permeability,
meaning they require stronger external magnetic fields to achieve saturation (complete
magnetization).

Large Hysteresis Loop: The hysteresis loop for hard magnetic materials is large,
indicating higher energy losses during magnetization cycles. However, this property is
desirable in applications where constant magnetization is needed (e.g., permanent
magnets).



Section (D): Numerical:

1. The 'lead’ in pencils is a graphite composition with a Young's modulus of 1 x 10° N/m?.
Calculate the change in length of the lead in an automatic pencil if you tap it straight into
the pencil with a force of 4.0 N. The lead is 0.50 mm in diameter and 60 mm long.

Data:
Yi= T % 109%,;&[, =?7,F=40N,d=050mm= 050 x103m,

L=60mm= 60 x103m

Solution:
_ FXL
T ALxA
4.0x60 x1073
1 X900 =————
ALxA
nd?  w(0.50 x1073)° :
g Bl B050x107) . 1 961071
1 x 109 = 20%60 %1073

T ALX1.96x107
AL=1.2 x103m = 1.2mm

2. A wire of 2.2 m long and 2.25 mm in diameter, when stretched by a weight of 8.8 kg, its
length has been increased by 0.25 mm. Find the stress, strain, and Young's modulus of the

material of the wire. Given g = 9.8'm/s”.
Data:
L=22m,d= 225mm= 225 x10~3*m,m = 8.8kg,
AL =025mmz 025 x103mo=2,e=2,Y = 7,9 = 9.8m/s?
Solution:
F
o= -
4
“F=W=mg= (88)(9.8) = 8624 N

nd?> _ m(2.25x1073)°

Also,A = ——= = 3.97 x 10~5m?
4 4
8624 - ., ,
= 3o7.106 = 217 x10" = 2.2 x 10°N/m
AL

E =
L



_ 025x10°3

—2—=1.136 X 1074~ 1.14 x 107

_o_ 22x107 _ [ o [T
Y= = tiaxps— 193 X 107 =2 x107N/m

3. A farmer making juice fills a glass bottle to the brim and caps it tightly. The juice expands

more than the glass when it warms up, in such a way that the volume increases by 0.2% (i.e.,

i—v = 2 x 1073) relative to the space available. Calculate the normal force exerted by the juice

a

per square centimeter, if its bulk modulus is 1.8 x 10° N/m?. Assuming that the bottle
does not break.

Data:
i_': =2x10"3,B =18 x 10° N/m? AP =?
Solution:
Vo
1.8 x 10° = —ﬁ

AP = 3.6 x 105N /m?

3.6x10°
AP =
10000

N/cm?
AP =360 N/cm?

4. The elastic limit of copper is 15 x 108 N / m?. It is to be stretched by a load of 10 kg.
Find the diameter of the wirg if the elastic limit is not to be exceeded.

Data:
G = 1.5 % 10%N /m® mi=10kg,d =?
Solution:

F=W=mg =(10)(9.8) =98N

F
Jm—z

15 x 108 =22
A

A=6.53x10""m?



6.53 % 10~7 = %

d=9.12 x107*m = 0.912 mm

5. What would be the greatest length of a steel wire which is fixed at one end, and can it be
hanged freely without breaking? The breaking stress of steel is 7.8 x 108 N / m? and the
density of steel is 7800 kg /m?>.

Data:
0y =7.8 x 108 N/m?,p = 7800-2, L =?
Solution:
F
ap = Z

“F =W =mg &m = pAL

_ pALg
T A

7.8 x 108 = (7800)L(9.8)

Op

L=1.02x10*m

6. A mild steel wire of radius 0.55 mm and-length 3.5 m is stretched by a force of 52 N.
Calculate:

(a) Longitudinal stress,
(b) Longitudinal strain, nnﬂ
(c) Elongation produced in the wire if Young's modulusis 2.1 x 10! N /m?2.
Data:

r=055mm= 055 x103m,L=35m,F=52N,0 =2, ¢=7,AL=7?,
Y=21 % 10" N /m>
Solution:

-

~A=nr?2= n(0.55 x1073)2 = 9.5 x 107"m?

— 52 _ 7 2
0= ;o= 5.47 x10°N/m

a
Y= 3



2 s foite BTN
£
£=2.6 x104
_u
=1
B %10t =i

3.5
AL=9.1 x10™*m = 0.91 mm

7. Calculate the change in volume of a lead block of volume 1.3 m? subjected to a pressure
of 12 atm. Also, calculate the compressibility of lead. Given the bulk modulusas B = 80 X
10° N / m?.

Data:
V, =13m3,AP = 12 atm = 12 x 1.03 x 10°> = 1.24 x 10°Pa, compressibilty = ?,
B = 80 x 10°N /m?

Solution:
AP
B = _E—
Vo
1.24x108
80 x 10°= — =235

1.3
AV = =2.015x 10~°m?®
After omitting the —ve sign

AV =2.015 x 10~ 5m3

‘ — !
compressibilty = 2

1
80 x 107

compressibilty =

compressibilty = 1.25 x 10~'m?2/N



8. The thickness of a metal plate is 0.35 inches. It's drilled to have a hole of radius 0.08 inches
on the plate. If the shear strength is 4 x 10* Ibs/in?, determine the force needed to make
that hole.

Data:
t = 0.35in,r = 0.08 in, shear strength = 4 x 10* lbs/in? F =?
Solution:
4 x10* =2
A = 2nrt = 2m(0.08)(0.35) = 0.176 in?
F

4 %100 =-—
0.176

F=17x103lbs



UNIT 22: SOLID
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Section (B): ORQs (Short Answered Questions):

1. Describe a p-n junction (diode) and how holes and electrons are produced in
semiconductor?

Ans) p-n Junction (Diode): A p-n junction is a semiconductor devige that allows current to
flow in one direction. It is formed by joining p-type and n-type semiconductors.

Structure:

e P-type Semiconductor: Doped with trivalent elements (e.g., boron), creating holes as
majority carriers.

e N-type Semiconductor: Doped with pentavalentelements (e.g., phosphorus), producing
electrons as majority carriers.

Depletion Region: When the p-type and“n-type) materials are joined, electrons and holes
recombine at the junction, forming a deplefion région that acts as a barrier to current flow.

Operation:

¢ Forward Bias: Reduces thedepletion region, allowing current to flow.
¢ Reverse Bias:'Widens the depletion region, preventing current flow.

Production of Holes:and Electrons:

e Holes: Created in'p-type material through doping with trivalent elements.
e Electrons: Produced in n-type material through doping with pentavalent elements.



2. Define and distinguish between p-n-p & n-p-n transistors?

Ans)
Feature p-n-p Transistor n-p-n Transistor
Definition A p-n-p transistor is a type of bipolar | An n-p-n transistor is a type
junction transistor (BJT) where a of BJT where a thin p-type
thin n-type material is sandwiched material is sandwiched
between two p-type materials. between two n-type materials.
Structure p-type (Emitter) , n-type (Base) , n-type (Emitter) , p-type

p-type (Collector)

(Base) , n-type (Collector)

Current Flow

From Emitter to Collector

From Collector to Emitter

Direction
Majority Charge Holes in the emitter and collector Electrons in the emitter and
Carriers regions colleclor regions

3. Explain common-base and common collector configurations?

Ans) Common Collector (CC) Circuit: In CC configuration, the input signal is applied to
the base, and the output signal is taken from the emitter, with the collector terminal serving as the

common connection.

Figure below depicts this setup. Here, when the base-emitter junction is forward biased, a small
base current I, causes a much larger collector current I, to flow. The emitter current Ig, is
approximately equal to I.

Since I = Ig + I and I is significant]ly smaller than I..
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Fig: Common collector circuits



Common Base (CB) Circuit: In CB configuration, the input and output signals share the
base terminal of the transistor.

Figure below demonstrates this configuration. Here, the input signal is applied to the emitter, and
the output signal is taken from the collector. The base-emitter junction is forward biased to allow
transistor operation.

CB amplifiers provide low input impedance and approximately unity voltage gain. The current

i @ . 2 Iout Ic
gain in CB configuration is expressed as ;L‘ or the formula =
[ E

n

However, as the base current is extremely small compared to the collector current, the emitter
current is therefore approximately equal to the collector current. Thus I = I.

v +};'_ ._ +.i.||;'
Ve < N \FF Ve
Fig: Comumon Base (CB) Circuit
4. Describe the operations of tran_si’s;'to:ts".

Ans) Operation of transiStoxs: Transistors are categorized as PNP and NPN. For simplicity
the NPN transistor is taken'as Shown in figure (a).

e
-~

fi— J

Fig (a): NPN transistor



Its action has two requirements:

i.  The base-emitter junction is forward biased so that a current Iz is generated. Once this
junction is conducting, Vg =~ 0.6 V.

ii.  The base-collector junction is reverse biased. Transistor action then translates into
relationship

Ic =ﬁIB

Where f is the current gain, which is typically 100. For completeness, the emitter current is then
given by

IE=IB+IC=(1+3)IB

Figure (b) graphs a set of characteristics curves of the transistor.

f‘l_g(b ) Transistors characteristics curves

Those graphs show the“eollector current I as function of the collector-emitter voltage Vi, for
different values of the“base current Iz. When the transistor-action conditions are not met, the
transistor is off and I = 0. This situation is called cutoff.

Now assume that Vg is forward biased and I is above some minimum value. As the collector-

base junction becomes reverse biased, which we represent here by increasing Vg, transistor action
begins to unfold:

In a transistor's char acteristic curve, I-(collector current) initially rises sharply until it reaches a
certain point. Beyond this point, I continues to increase, but at a much slower rate. This might
seem counterintuitive, but the rapid rise is called "saturation," indicating full current flow. The
flat region that follows is when the transistor operates normally, where further increases in base
current do not significantly increase /.
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Fig: Transistors active-cut off and saturated

5. Explain the use of transistors as a switch and an amplifier (common-emitter).

Ans) The transistors as a switch: A transistor can be used as 4 switeh in electronic circuits,
where it functions to either allow or block the flow of current. There afe"‘tw'o main configurations
for using a transistor as a switch: the NPN (negative- pomlw-negaﬂve) and PNP (positive-
negative-positive) configurations.

NPN Transistor as a Switch: The transistor Q,in fig_nre'belciw shows how to control output
current with input.

Lamp

AN Collector

Ba_se' -

P =+
| N  Powercircuit B _— 9vy
C U_*ltfl.)l cifenit Emitter .
‘ {_"_F-_;._ L.
A 0 § o
IV .

Fig: Transistors as a switch
Here are key points to note.

i.  Off State: Normally, Q, allows no output current unless we apply forward voltage to its
base- emitter circuit.
ii. Forward Voltage: The amount of output current is controlled by the forward voltage that
controls base current. In figure above:
e The input control circuit determines base current.
e The output current is collector current for the power circuit.



e (J, is an NPN transistor, needing a positive VBE for forward voltage.
e The emitter is common to both input control and power circuits.
e Common-emitter (CE) circuit is the most common transistor arrangement.

The base-emitter junction of Q,in figure above can be forward biased by battery B, . Switch
S; must be closed to apply forward voltage. Battery B, provides reverse voltage to the
collector of Q. Reverse polarity means the collector is more positive than the base.

When switch S, is open:

e No current flows in the base-emitter or control circuit because no forward voltage
is applied.

e Resistance from emitter to collector of the transistor is very hi~*

e No current flows in the power circuit, and the lamp d-

When switch §; is closed:

A small current flows in the control -

R, limits current in the base circv’

Resistance from emitter to coll

A large current flows in the : o up the lamp.

Opening switch S; in the contr che lamp in the power circuit because
resistance from emitter to coll , ases again, almost to infinity.

Transistor as an Amplifier: = .ang voltages are shown in figure (a), without any
input signal. The dc biasing lev- _~he feedback resistor R,. The NPN transistor is biased
so that the collector-to- em’ . /¢ is half of the supply voltage. For the supply voltage of
10 v, therefore, the col’ ' 18 set at one- half the total, or +5 V. The 0.7 V at the base is
partially turning o~ % «he transistor acts as an amplifier when in this partially turned-
on conditie™ _ . of de forward bias that determines the operating level of the
transistor '

R,= 240KkQ

9!

1

/ B
l 0 \LIF +0.71V \I:’ No signal
No signal ov|E output

iinut I

(¥ = =

Fig (a): Transistors as an Amplifier



An input signal has been added to the amplifier in figure (b), Input is coupled to the base by Cj;.
Amplified output is taken from the collector. The input signal is 0.02 V,,, as measured on an
oscilloscope. The measured output signal voltage is 3 V},,,. The ac gain of the amplifier, therefore
is calculated as

Av = Vout/V = 3/0.02 = 150

The output signal (3 V,,,,) is 150 times greater than the input signal of 0.02 V},,,. This amplifier stage
is said to have a voltage gain of 150.

+H10V

R,= 240kQ
C=0.5 uF
Signal 3
o sl |+{;.7n
+

0.02 \7p.ET_

Fig (b): Transistors as an Amplifier

6. How would you understand the eflects ol negative feedback on the gain of an operational
amplifier?

Ans) Negative feedback in an operational amplifier (op-amp) reduces the overall gain but increases
stability, bandwidth, and linearity. By feeding a portion of the output signal back to the input in
opposition to the original input signal, the op-amp's gain becomes more controlled and predictable,
resulting in a more accurate and stable output. The trade-off is that the gain is lowered compared
to the open-loop gain (gain without feedback).

7. Draw and briefly describe the circuit diagrams for both the inverting and the non-
inverting amplifier for single signal input?

Ans) The circuit diagrams for both the inverting and the non-inverting amplifier for single signal
input:

Inverting operational amplifier: In inverting operational amplifiers, the op amp forces the
negative terminal to equal the positive terminal, which is commonly ground. Therefore, the input
current is determined by the Vjy/ R; ratio as shown in figure below: Inverting Operational
Amplifier.
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Fig: Circuit diagrams for inverting Amp

In this configuration, the same current flows through R, to the output. Ideally, current does not
flow into the operational amplifier's negative terminal due to its high Z;,. The current flowing
from the negative terminal through R, creates an inverted voltage polaritywith respect to V. This
is why these op amps are labeled with an inverting configuration. Npie‘that the op amp's output
can only swing between its positive and negative supplies, so cteating.a negative output voltage
requires an op amp with a negative supply rail. Vj,;+ can be cateulated with equation

R
Vout — _R_ X Vm.
1
Non-inverting operational amplifier: in a pon-inverting amplifier circuit, the input signal
from the source is connected to the non-inveriiag (+) terminal as shown in figure below: Non-
Inverting Operational Amplifier.

Lo
i
_ 'fﬂm‘- + Output
A R2
R1
O GND —l—

Fig: Circuits for non-inverting amplifier

The operational amplifier forces the inverting (-) terminal voltage to equal the input voltage, which
creates a current flow through the feedback resistors. The output voltage is always in phase with
the input voltage, which is why this topology is known as non-inverting. Note that with a

-



non-inverting amplifier, the voltage gain is always greater than 1, which is not always the case
with the inverting configurations. V,,,; can be calculated with Equation:

1+R,

= —— X V
out R]_ n

8. Derive an expression for the gain of inverting amplifiers by using virtual earth
approximation.

Ans) Gain of an Inverting Amplifier: If the current in the input resistor Ry, is I, and the
current in the feedback resistor Rf 18 If, then point Pisat 0 V:
— Vin — Yout
Iin = R and If = Rf

The input resistance of the op-amp is very high and so virtually no current enters or leaves the
inverting input (-) of the op-amp. This means that [;;, and Iy must be equal in size.

If Vi, is a positive potential, then the current in two resistors flows from left to right. V¢ will be
negative because the current flows from P. which is at 0 V, to the output connection, which must
have a lower voltage than O V. Thus

Vﬂut 3 s
Ry - Rin

If = —fin aI}EI

The gain of the inverting amplifier is thus given by

6=Vt __Rr
Vin Rin

The negative sign shows that when the input voltage is positive the output voltage is negative and

when the input is positive the output is negative. If the input voltage is alternating then there will

be a phase difference of 180° or 7 rad between the input and the output voltages.



9. Describe the properties of an ideal operational amplifier.

Ans) Properties of an Ideal Operational Amplifier (Op-Amp): The ideal op-amp
has the following properties:

Characteristics

Ideal Op-Amp

Infinite open- loop
voltage gain

An ideal op amp is a device often used as an amplifier. When you input
voltage into it, the op amp outputs a amplified voltage. In an ideal
scenario, the op amp would provide extremely high gain, essentially
infinite, amplifying the signal countless times for maximum gain as
needed.

Infinite input
resistance
(Impedance)

An ideal op amp has super high input impedance, which means it won't
load the circuit. If input impedance is low, the op amp draws more
current; if it's high, less current is drawn. We aim for high input
impedance to avoid disturbing the original circuit by minimizing current
pulled from it, ideally with infinite input impedance.

Zero output
resistance
(Impedance)

In an ideal op amp, the output impedance is‘zeto. This means when the
op amp generates a signal, we want it toshave zero resistance, ensuring
that the maximum voltage goces to thé output load. In a circuit, voltage
gets divided based on the impedance. Higher impedance means more
voltage drop. For the voltagete drop across the output load, the load's
impedance should be greater“than the op amp's output. That's why,
ideally, we aim for zero output impedance in the op amp.

Gain independent of
frequency

In an ideal op arnp, the prfeduced gain remains constant regardless of the
input signal's frequency. This means the amplification stays reliable and
consistent across @lhfrequencies.

Section (C): ERQs (Long Answered Questions):

1. Define Intrinsic (pure) find-doped semiconductors. And How the N-type and P-type
semiconductors are produced.

Ans) Intrinsic Semiconductors: Intrinsic semiconductors are materials that are chemically
pure, meaning they do not contain any significant amount of impurity atoms.

Doped Semiconductors: Doped semiconductors are the materials that are created by
introducing impurity atoms into the intrinsic semiconductor material.



N-type semiconductors production: A small amount of a group-V element (penta-valent)
is doped into the semiconductor's crystal lattice, as illustrated in figure below. Common donor
impurities include phosphorus (P) or arsenic (As).

ARUMONY  popy o Locd
atom X
electron
Fig: N-typé

These impurity atoms have one more valence electton than the semiconductor material, creating
extra electrons that are free to move and condugt electricity.

P-type semiconductors production: Jf element of group-III (tri-valent) is added into the
crystal lattice of the semiconductor-as shown-in figure below. Common acceptor impurities include
boron (B) or gallium (Ga)- These___'imburity atoms have one fewer valence electron than the
semiconductor material. cteating_}__"hdiéé"' in the crystal lattice where electrons can move.




2. Describe a P-N junction (diode), discuss its forward and reverse biasing.

Ans) P-N Junction Diode: A diode is a semiconductor device that is formed through P-N
junction and used in allowing the flow of electric current in one direction and blocking in the
opposite. The symbol of the P-N junction diode is shown in figure below.

—1* Il

Anode Cathode

>

Fig: Diode

Properties of Diode: Below are some of the common propertiesiofa, diode:

1. Diode has the ability to rectify electric current.
2. It can create a potential barrier and make use of it €apacitance properties.
3. Diode creates various nonlinear current-vollage characteristics.

Diode Biasing:

Forward Bias: When the P-type is conne;:lﬂi,_tﬁ;the positive terminal of the battery and the N-
type is connected to the negative terminal #'¢alled Forward bias as shown in figure figure.

. Narfow depletion region
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Forward Bias

In this condition, the applied electric field and the built-in electric field at the P-N junction are in
opposing directions. Adding both the electric fields gives a resultant electric field, which is found
to be smaller than the built-in electric field. So the depletion region becomes thinner and less
resistant.



When the applied voltage is high, the resistance of the depletion region becomes insignificant. At
0.3V to 0.6 V, the resistance of the depletion region in silicon becomes absolutely insignificant,
allowing current to flow freely through it.

Reverse Bias: When the P-type is connected to the negative terminal of the battery and the N-
type is connected to the positive side is called Reverse Bias as shown in figure below In this
condition, the applied electric field and the built-in electric field are both in the same direction.
The resultant electric field and the built-in electric field are also in the same direction, resulting in
a more resistive, thicker depletion region. If applied voltage increased, it results thicker and more
resistant depletion region.

Wide depletion region
¢ Free
Holes <—W @, clectrons

P-type !—;\ N-type

9 ® Q 5000 dicﬂd:li ® 9
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Fig: Reverse Bias
3. Describe the I-V characteristic t.urmof P-N junction.

Ans) I-V Characteristics of p~'n.;3uncti0n: The relationship between the voltage across the
Jjunction and current through the circuit is known as the (V-I) characteristics of a P-N junction or
semiconductor diode. '

The V-1 charact'eristici.gf thé P-N junction can be explained in three cases;

e Zero bias or unbiased
e Forward bias
e Reverse bias

At zero bias, no electric current flows through the diode because there's no external voltage applied
to enable the movement of electrons or holes. In forward bias as shown in figure (a) when the
diode voltage (V,;) reaches 0.7 V for silicon and 0.3 V for germanium, current starts flowing. The
current increases gradually at first, creating a non-linear curve until the diode surpasses the
potential barrier, after which it operates normally and the curve steepens linearly with increasing
external voltage.



In reverse bias, only a small leakage current flows, represented to the left of the origin in the
graph as shown in figure (c). This current remains low until the diode breaks down, at which
point it can be destroyed unless a high series resistance limits the current.

electrons —» <— holes

(¢) Reverse bias Forward bias
v

Cathode Anode

I
0.7V
N-type P-type
(b) (not pointing) ‘ ‘ (pointing) Breakdown

Fig: I-V Characteristics of p-n Junction (a,b,c)
4. Define rectification and describe the use of diodes for half and {ull wave rectifications.

Ans) Rectification: Rectification is the process of converling an alternating current (AC)
waveform into a direct current (DC) waveform, i.e., creating a new waveform that has only a single
polarity.

Types of Rectification: Rectificationcis classified into two types according to the output
characteristics which are:

i.  half-wave rectification and
ii.  full-wave rectification

Half-wave Rectification: Since a diode allows AC current to flow only in one direction, it can
serve as a rectifier. As shown in figure (a), the AC source applies a voltage across the diode
alternately positive aid negative. When the positive cycle of AC voltage passes through the diode,
the diode is forward biased and act as a closed circuit there is current through the resistor R; .

During the negative half cycle, the diode is connected with the negative supply which reverse
biases the diode, the diode behaves like an open circuit and does not produce the output across the
load.

Hence a graph of the voltage V,;, across R; as a function of time looks likes the output voltage
shown in figure (c). This is called half wave rectification which seems unidirectional from its
output signal.
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Full-Wave Rectification: Full-wave rectification uses two diodes (as shown in figure b). During
the positive half cycle of input AC signal, this makes the diode 1 forward biased (acts as closed

switch) and diode 2 reverse biased (acts as open switch). Therefore, current flows through the load
resistor R; .

During the negative half cycle of input AC signal, this makes the diode 2 forward biased and the
diode 1 reverse biased. Therefore, the current will flow through diode 2 and through load resistor
R; and lower half of the secondary winding.

(b)
(a)

I)iﬂde 1 (l,' }
[\ |
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| e |
=
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Fig: Full-Wave Rectifications



5. Describe the function and use of LED, Photodiode and Photo voltaic cell.
Ans)
1. Light Emitting Diode (LED):

Function: A light-emitting diode (LED) is a special type of junction in which current flows, when
it is activated in a forward direction as shown in figure below.

Emitted photonsor emitted light
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Iy iR N
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Fig: Light emitting diode

Silicon diodes don't work well for this, but compourids- like gallium and arsenic create efficient
LEDs. Gallium arsenide (GaAs), with a crystal strueturéSimilar to silicon, is often used.

Use: LED bulbs replace traditional lighting in, \_'.aii_tjus applications such as flashlights, streetlights,
traffic signals, car brake lights, billboard';, and+1.CD screens. LEDs, also known as solid-state
lighting, last longer (50000 hours vs 2000 \'h_o_urs for regular bulbs), are more efficient, and durable.

2. Photodiode:

Function: A photodiode is a typéjof light detector that converts light into current or voltage. It
includes optical filters, bui_l_r‘-”'._._in Jenses, and surface areas.

Photodiodes are ofien‘uséd in reverse bias, where a voltage encourages the flow of photocurrent,
maximizing sensitivity. These detectors are usually made of semiconductor materials like silicon,
which can absorb photons of light.

When light particles (photons) hit the semiconductor material, they transfer energy to electrons,
creating electron-hole pairs. This process generates an electric current proportional to the incident
light's intensity. In simple terms, brighter light results in a higher current from the photodiode.

Use: Photodiodes find widespread use in various applications, including:

¢ Optical Communication: Photodiodes are employed in optical communication systems,
such as fiber optics, to detect and convert transmitted light signals into electrical signals.

e Light Sensors: They are used in electronic devices like cameras, light meters, and
automatic lighting systems to sense ambient light levels.



¢ Barcode Readers: Photodiodes are often used in barcode scanners to detect the reflected
light from the barcode.

¢ Medical Devices: In some medical instruments, photodiodes are used for tasks like
measuring oxygen levels in blood.

3. Photo Voltaic Cells:

Function: Solar cell or photovoltaic cell is heavily doped P-N junction diodes used to convert
sunlight into electric energy.

If the energy of incident photon is greater than the band gap energy, it creates electron-hole pairs,
as shown in figure below. That absorbed photon excites an electron from the valence band and
produce a current, when connected to an externa circuit, work as source of emf and power. The
basic element of a photovoltaic cell is a semiconductor material, usually made of silicon. Silicon
is chosen for its widespread availability. Other semiconductor materials, stich as cadmium telluride
or copper indium gallium selenide, are also used in different types of solar cells.

A typical silicon P-N junction may produce about 0.6 V. Many aré connected in series to produce
higher voltage. Such series strings are connected in parallel within'a photovoltaic panel ie, solar
panel. A good photovoltaic panel can have an output of pethaps'50 W/m?, averaged over day and
night, sunny and cloudy.

B Glass
Metal'contacts
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coating
N-doped
silicon
p-n
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Fig: Photo Voltaic Cells

Uses:
e Camera: Light meters, Automatic Shutter Control, Photographic Flash Control.
e Medical: CAT Scanners, X-Ray Detection, Pulse Oximeters, Blood Particle Analysis.
e Automotive: Headlight Dimmer, Twilight Detectors.
e Communication: Fiber Optic Link, Optical Remote Control.
e Industry: Bar Code Scanners, Light Pen, Encoders, Surveying Instruments, Copiers

Density of Toner.



6. Explain the use of transistors as a switch and an amplifier (common-emitter).

Ans) The transistors as a switch: A transistor can be used as a switch in electronic circuits,
where it functions to either allow or block the flow of current. There are two main configurations
for using a transistor as a switch: the NPN (negative-positive-negative) and PNP (positive-
negative-positive) configurations.

NPN Transistor as a Switch: The transistor Q,in figure below shows how to control output
current with input.

Lamp
Collector
N AN
P AL
N Power circuit B:‘_ F=9V
Control circuit Emitier
N f‘-_ 1
| |- O S o,
3V Y=
Fig: Transistors as'a switch
Here are key points to note. .
i. Off State: Normally, Q4 allows fio output current unless we apply forward voltage to its
base- emitter circuit.’
ii. Forward Voltage: The agigunt of output current is controlled by the forward voltage that

controls base current. lirfigure above:
e The input contfol circuit determines base current.
e The oufput current is collector current for the power circuit.
e (), is an NPN transistor, needing a positive VBE for forward voltage.
e The emitter is common to both input control and power circuits.
e (Common-emitter (CE) circuit is the most common transistor arrangement.

The base-emitter junction of Q,in figure above can be forward biased by battery B, . Switch
S; must be closed to apply forward voltage. Battery B, provides reverse voltage to the
collector of Q. Reverse polarity means the collector is more positive than the base.

When switch S is open:

e No current flows in the base-emitter or control circuit because no forward voltage
is applied.
e Resistance from emitter to collector of the transistor is very high.



e No current flows in the power circuit, and the lamp doesn't light up.
When switch S is closed:

e A small current flows in the control circuit.

e R, limits current in the base circuit

e Resistance from emitter to collector of @, decreases.

e A large current flows in the power circuit, lighting up the lamp.

Opening switch S; in the control circuit turns off the lamp in the power circuit because
resistance from emitter to collector of Q increases again, almost to infinity.

Transistor as an Amplifier: The dc operating voltages are shown in figure (a), without any
input signal. The dc biasing levels are set by the feedback resistor R,. The NPN transistor is biased
so that the collector-to- emitter voltage V. 1s half of the supply voltage. Eor the supply voltage of
10 v, therefore, the collector voltage is set at one- half the total, or +5 V.. The 0.7 V at the base is
partially turning on the transistor. The transistor acts as an amplifier when in this partially turned-
on condition. It is the amount of de forward bias that determines the operating level of the
transistor. '

R,= 240kQ S R=1kQ
+
o B, =10V

I &% . 1=

l +HL NV No signal

0.5 uF :
No signal o output
input

|

Fig (a): Transistors as an Amplifier

L

An input signal has been added to the amplifier in figure (b), Input is coupled to the base by C;.
Amplified output is taken from the collector. The input signal is 0.02 V},,, as measured on an
oscilloscope. The measured output signal voltage is 3 V,,,. The ac gain of the amplifier, therefore
is calculated as

Av = Vout/V = 3/0.02 = 150



The output signal (3 V},;,) is 150 times greater than the input signal of 0.02 V},;,. This amplifier

stage is said to have a voltage gain of 150.

0V

0.02 \'Tp-ET_

7. Describe the properties of an ideal operational amplifier.

Ans) Properties of an Ideal Operational Amplifier (Op-Amp): The ideal op-amp
has the following properties:

Characteristics

) Ide:ﬁ)p-Amp

Infinite open- loop
voltage gain

An ideal op amp is a device often used as an amplifier. When you input
voltage into it, the op amp outputs a amplified voltage. In an ideal
scenario, the op amp would provide extremely high gain, essentially
infinite, amplifying the signal countless times for maximum gain as
needed.

Infinite input
resistance
(Impedance)

Zero output
resistance
(Impedance)

An ideal op amp has super high input impedance, which means it won't
load the circuit. If input impedance is low, the op amp draws more
current; if it's high, less current is drawn. We aim for high input
impedance to avoid disturbing the original circuit by minimizing current

| pulled from it, ideally with infinite input impedance.

In.an ideal op amp, the output impedance is zero. This means when the
op amp generates a signal, we want it to have zero resistance, ensuring
that the maximum voltage goes to the output load. In a circuit, voltage
gets divided based on the impedance. Higher impedance means more
voltage drop. For the voltage to drop across the output load, the load's
impedance should be greater than the op amp's output. That's why,
ideally, we aim for zero output impedance in the op amp.

Gain independent of

In an ideal op amp, the produced gain remains constant regardless of the

frequency input signal's frequency. This means the amplification stays reliable and
consistent across all frequencies.
Infinite bandwidth | The bandwidth of an op-amp is the range of frequencies it amplifies

equally. An ideal op-amp amplifies all frequencies, so it should ideally
have an infinite bandwidth.




Infinite slow rate An ideal op-amp should change the output instantaneously as the input
is changed. The slew rate of the op-amp is the factor that affects this time
delay. An infinite slew rate means there is no time delay.

Zero noise Any signal includes a small amount of noise. The ideal op- amp does not
contribution produce any noise itself, although it will amplify any noise that is present
in its input.

Section (D): Numerical:

1. A Ge diode has a voltage drop of 0.4 V when 12 mA flow through it. If the same 470 Ohm
is used, what battery voltage is needed?

Data:
Vaioge = 04V, = 12mA = 12 x 10734,R = 470 OV, 0d\=?

Solution:
Viesistor = IR
Vresistor = (12 % 107%)(470)
Viesistor = 5.64V
Vbattery = Vaiode + Vresistor
Voattery = 0.4 + 5.64
Viattery = 6.04V

2. A semiconductor diode laserhas-a peak emission wavelength of 1.55 pm. Find its band gap
ineV.

Data:
A= 155pm= 155 x 107%m,E, =?

Solution:
he
B =3

~ h = Planck’s constant = 6.626 x 1073*]s, c = Speed of light = 3 x 108 m/s

_ (6.626x1073%)(3x105)
- 1.55 x10~6

E,= 1.282x107%°]

Eq




To convert joules to electron volts, we use the conversion factor: 1eV = 1.602 x 10719 J

o _ l2s2x107%
9= 1602x101°¢
Eg =0.8eV

3. Calculate the current through 48 € resistor in the circuit shown in Fig (i). Assume the
diodes to be of silicon and forward resistance of each diode is 112.

* \ .

Dy
']
I A A b, § 8 D
L 45 Q) I 07V = LY
10V — +—\WAWWA— oV = AN
' | D;
D, T 1 Dy 2 T % 1Q
i - =07V
3 § |

Data:
Data is given in above figures,while we ﬁa‘tﬁé to find "I"
Solution: .
Fig (i1) shows we must take resistances and barrier voltages of only two diodes.
Net circuit voltage = 10 <0%~ 0.7 = 86V

Total circuit resistances.="1 + 48 + 1 = 500

__ Net circuit voltage' 5
" Total circuit#esistance

8.6
[ =—
50

[=0.172A=172mA



4. Find the voitage V4 in the circuit shown in Fig.(i). Use simplified model.

T 20V 220V
* . *
Si & Ge . i 03
|
L —
A v, Af—v,
3kQ % 3kQ
(i) (if)

Data:
V=20V,Vge=03V,V4=?,R =3k}
Solution:
We know that, Cut in voltage of Ge diode is U.BV and of silicon is 0.7 V.

The diode which has lower cut-in vollage_"wiﬂ turned on first. So, here Ge diode will
conduct, and the V, is given by N

Va=20-0.3=19.7V
5. In a common base connection. Iy =° ImA, I = 0.95mA. Calculate the value of .
Data: ; O

I; = 1mA, I, = 0.95mA I, =?

Solution:
Ig =Ig = I
IB == 1 == 0.95

Ig =0.05mA



6. Find the valueof B if (i) « = 0.9 (ii) « = 0.98 (iii) a = 0.99.
Data:

B =?
() a=09
(i) a= 098
(i) a = 0.99
Solution:
(i)
o
F=12
0.9
e
B=9
(ii)
o«
T 1-—a
0.98
B = 1-0.98
B =49
(iii)
e
W
0.99
b= 1-0,99



7. Calculate I in a transistor for which f = 50 and Iz = 20uA.
Data:
B = 50,I = 20uA = 0.02 mA, Iy =?

Solution:

s 20
B = o
50 = <

0.02

IC == 1mA
IE == IB + IC
Ir=002 +1
IE =11.02]"1A

8. Find the a rating of the transistor shown in Fig. Hence determine the value of I, using
both a and B rating of the transistor.

0. )
1, =240 e ;/

AN B=49

Data:

Iy = 240 uA = 240 x 1073, = 49,1z = 12mA,a =?,1; =? (using both a and B rating)

Solution:
o= B
1+
49
=
1+49

a =098



I = alg

I, = (0.98)(12)
Ir=11.76 mA

Ic = Blg

Ic = (49)(240 x 1073)
Ic=11.76 mA



UNIT 23: DIGITAL ELECTRONICS
MCQ'S

KEY
I.b 2.a s 4.b 5.b
6.b il 8.b 9.b 10.d

Section (B): GRQs (Short Answered Questions):

1. Explain the significance of signal levels in digital electronics and how they are represented
in terms of voltage.

Ans) Significance of Signal Levels:

i.  Data Representation: Signal levels (high and low) represent/binary data (Os and 1s) used
for digital processing and communication.
ii. Logic Operations: Logic gates perform operations. based on these voltage levels,
determining circuit behavior.
iii. Noise Margin: Adequate levels provide (oleranee“to noise, ensuring accurate signal
interpretation.
iv.  Power Consumption: Voltage levels aflect power usage, with different levels influencing
energy efficiency.
v. Interfacing: Proper voltage levels fire crueial for interfacing between different components
or systems.

Digital signal levels: In digital electronics, signal levels are represented in various ways. Here
are common digital signal levels:

i. Low Level (0):

e This representg'the binary digit 0.
e Interms of voltage, it is associated with a lower voltage level.
e QOften referred to as "low" or "logic (."

ii.  High Level (1):
e This represents the binary digit 1.
e Interms of voltage, it is associated with a higher voltage level.
e Often referred to as "high" or "logic 1."

iii.  Threshold Level:
e The threshold level is the voltage level that separates low and high states.
e Signals below this threshold are interpreted as 0, and signals above it are interpreted as 1.
e The threshold level helps define the noise margin and ensure reliable signal interpretation.



iv. Logic Levels:
* Depending on the technology and the system, different logic levels might be used.
v. Swing or Volinge Range:
* The difference in voltage levels between low and high states is often referred 1o as the
swing or voltage range. For example, voltage vanies from 5V to +5V will have a swing or

vollage range of 10V,
® A larger voliage swing can enhance noise immunity and signal reliability.

2. Describe the binary representation used in digital electronics, How is this representation
related to the "high' and 'low’ stutes?

Ans) In digital electronics, the high' and Tow' states are often symbolically represented us '1' and
0 respectively. This binary notation helps describe the states of open and closed circuits,

High State ('1'): When a digital signal is in a high' state, it is tymcally associated with o
closed circuit or a voltage level close 1o the maximum specified value. 1he symbolic representation
for this state is 1", It signifies the ‘on’ or "active’ state in many digital systems,

Low State ("0'): Conversely, the ‘low’ state is linked to an open circuit or o valtage level close
to the minimum specified value. It is symbolically represented as 0. This state signifies the ofT’
or Innctive’ state in digital sysiems.

High and Low represent the signal levels in the circuit. Digital wavefonms consist of voltage levels
that are changing back and forth between the HIGH and LOW states. These can also be described
s the one that is composed of series of pulses, or a pulse train as shown in Figure below,

:,, ! Wigh Vahuge
-J Low Yollage

¥

Fig: Pulse showing High and Low states
J. Choose any three logic gate symbaols and explain their operations,

Ans) AND Gate: The AND gate produces a high' output only when all its inputs are high', In
other words, the output of an AND gate attains stade | if and only if all the inputs are in state |,

OR Gate: An OR gate genernies o high' output if any of its inputs are ‘high'. In other words, the
output of an OR gate aitains siate | if one or more inputs attain stale 1.

NOT Gate: It is used to perform the inversion operation in digital circuits, For example, the
output of a NOT gate attains state | if and only if the input does not atinin state 1.



4. Create a combination of logic gates that mimics the behavior of an XOR gate.
Ans) As we know that, A XORB = AB + AB

If we use two inverters, one inverter to create A and the second to create B and input A and B to
the first AND gate and input A and B to the second AND gate. Then we take the outputs of the
two AND gates and input them to an OR gate. The output of the OR gate is AB + AB which is A
XOR B.

Fig: XOR gate and its equivalent diagram"
Section (C): ERQs (Long Answered Questions)

1. Design a simple circuit using a 2-input AND gate, a switch, a lamp, and a battery. Explain
how the circuit operates and the conditions under which the lamp will be illuminated.

Ans) Circuit Layout:

e Input 1: Connected to the switch. Wihen the switch is closed, Input 1 receives a 1. When
the switch is open, Input 1 receiyes a0).

e Input 2: This is a constant sinal‘that can either be 1 (if a condition is met, such as power
being available) or 0 (if _a.cqﬁdition like a safety feature is not satisfied).

e AND Gate Qutput: The output of the AND gate is connected to the lamp.

e The battery providés pewer to the circuit and the lamp.

Circuit Operation:

e The AND gate takes two inputs:
i.  Input 1 (Switch): This input depends on whether the switch is open or closed.
ii. Input 2 (Constant Input): This could represent a condition like power being
available or some other required system condition (e.g., safety checks).
e The AND gate outputs a 1 (high) only if both inputs are 1. When the output of the AND
gate is 1, the current flows from the battery to power the lamp, illuminating it.



Conditions for the Lamp to be Illuminated:

e Condition 1: The switch must be closed, which means Input 1 is 1.
e Condition 2: Input 2 must also be 1, which could represent a constant logic signal (like
the system being powered on or a safety condition being satisfied).

If either Input 1 (switch open) or Input 2 (some condition not met) is 0, the AND gate output
will be 0, and the lamp will remain off.

Input 2

Input 1

Battery Switck AND

Lamp

Ground
Fig: Circuit Diagram
Truth Table for the Circuit:

Switch (Input 1) Condition (Input 2) | ‘AND Gate Output Lamp Status
0 0 0 OFF
0 N 0 OFF
1 0 0 OFF
I RSy e 1 ON

2. Construct a truth table fora 3-input OR gate. Explain how the truth table represents the
relationship between input combinations and the resulting output.

Ans) Truth Table:

Three Input (Y=A+B+C)

ol il il el k=1 [ =Y F==1 FTl =2

—l—oo|—=—lc|o|®E
— o= ||~ lo|—o|0
et el L Ll L N e e B




Truth Table Representation: A truth table is a mathematical table used in logic and
computer science to represent the relationship between input combinations and their corresponding
outputs in a logical operation or system, such as a digital circuit. It lists all possible combinations
of inputs and shows the resulting output for each combination.

Here's how it works:

i.  Input Combinations: Each row of a truth table represents a different combination of input
values (e.g., 0 and 1 for binary. For n inputs, the truth table will have 2™ rows, as there are
2™ possible combinations of binary values (0 and 1) for the inputs.

ii.  Output Corresponding to Inputs: The output column(s) of the truth table show how the
system or logical operation responds to each specific combination of input values. The
output is determined by the type of logical function or operation being represented (e.g.,
AND, OR, NOT, NAND, etc.).

Example: OR Gate Truth Table

Input A InputB Qutput (A OR B)
0 0 0
0 1 1
1 0 1
1 1 1

In this case:

e The output is 1 if either or both inputs (A or B) are 1.
e The output is 0 only when both inputs are 0, as this is the behavior of an OR gate,
which produces 1 if at least one of the inputs is 1.



UNIT 24: RELATIVITY

MCQ'S

KEY
1.b e 3.a 4. c 5.b
6.a 7.d 8.a 9.b 10.b

Section (B): CRQs (Short Answered Questions):

1. Show that for values of v<<c, Lorentz transformation 'reduces to the Galilean
transformation.

Ans) Lorentz transformation is

¥ =
.L,Z
e

2
Since v K ¢, therefore v—z is negligible
c

r_ x-ut

R

xX'=x-—vt

This is the Galilean Transformatien.
2. If a particle could move with the velocity of light, how much K.E. would it possess?

Ans) If a particle could move at the velocity of light, its kinetic energy (K.E.) would be infinite.
This is because, according to special relativity, as an object with mass approaches the speed of
light, its relativistic mass increases without bound, and thus the energy required to continue
accelerating it also becomes infinite.

However, only massless particles (like photons) can travel at the speed of light, and they have zero
rest mass but still possess energy due to their motion.



3. Explain the difference between Special and General Relativity in simple terms.

Ans) Special Relativity:

i.  Scope: Deals with objects moving at constant speeds, particularly those close to the speed
of light.
ii. Key Concepts:

Relative Motion: Observers moving relative to each other can perceive time and
space differently.

Time Dilation: Time moves slower for objects moving at high speeds compared to
stationary observers.

Length Contraction: Objects moving at high speeds appear shorter in the direction
of motion from the perspective of a stationary observer.

iii. Imertial Frames: It applies to inertial frames of reference (where objects are not
accelerating).
iv.  No Gravity: It does not account for gravitational effects.

General Relativity:

i.  Scope: Expands on Special Relativity to include acceleration and gravity.
ii. Key Concepts:

Curved Spacetime: Mass and energy can warp the fabric of spacetime, causing the
path of objects (and light) to eurve.

Gravity as Geometry: Gravity is not a force in the traditional sense but rather the
effect of this curvature. Objects follow curved paths in spacetime caused by
massive bodies.

Time Dilation Near Massive Objects: Time runs slower in stronger gravitational
fields compared to weaker fields.

iii.  Non-Inertial Frames: It applies to non-inertial frames of reference (where objects can be
accelerating).

iv.  Incorporates Gravity: It fundamentally changes how we understand gravity compared to
Newtonian physics.



4. Differentiate between Inertial Frames of Reference and Non- Inertial Frames of

Reference.
Ans)
Criteria Inertial frame of Reference Non-Inertial frame of
Reference
Definition A frame of reference with a A frame of reference with an

constant

accelerating motion.

Motion of objects

Objects in uniform motion
appear to follow straight lines
or constant velocities.

Objects may appear to
accelerate or experience
fictitious forces.

Newton's first law

Newton's first law (Law of
inertia) is valid in this frame.

Newton's first law is not valid
due to accelerating motion.

Appearance of forces

Real forces are observed and
can be directly measured.

Equations of motion

Newton's laws of motion hold
true in this frame.

Ficlitieus forces (e.g.,
centrifugal force, coriolis
forte)may appear due to the

ficeeleration of the frame

Additional terms or

transformations may be
required to account of the
frame.

5. Why can't any object move at the speed of light?

Ans) No object with mass can move at Ulie $peed of light because, as an object approaches this
speed, its relativistic mass increases, féquiring an infinite amount of energy to reach light speed.
At light speed, this would irhp]y infinite mass and energy, which is physically impossible. Only
massless particles, like photonssean.iravel at the speed of light.

6. What is the limitation in'the.Galilean Transformation Equation, and how did Lorentz
solve it?

Ans) Limitation of the Galilean Transformation equations: The limitation of the
Galilean Transformation equations is that they assume time and space are absolute, leading to the
conclusion that the speed of light can vary depending on the observer’s motion. This contradicts
the findings of experiments (like the Michelson-Morley experiment) that showed the speed of light
is constant for all observers, regardless of their relative motion.



Lorentz's Solution: Hendrik Loremz adedressed this limitation by developing the Lorentz
Transformation, which incorporates the following key principles:

| Constancy of the Speed of Light: The Lorentz Transformation assumes that the speed of
light in a vacuum is the same for all observers, regardless of their relative motion.

i Time Dilation: It introduces the concept that time is not absolute; it can vary for observers
in different Inenial frames. Moving ¢locks tick slower compared to stationary clocks (lime
dilation).

iii. Length Contraction: It posits that objects in motion are measured 1o be shorier in the
direction of motion from the perspective of a stationary observer.

Lorentz Transformation Equations: The Lorentz Transformation equations mathematically
relate the coondinates and time of events in different inertial frames, sccounting for the effects of

relative motion and ensuring the speed of light remains constant.
7. Caleulate the value of ¥ (Lorentz factor) if the object is moving ul the speed of light.
Ans) The Lorentz factor ¥ is calculsted using the formula

o 1
.u..'l
3
Where:
o v is the velocity of the object,
e ¢ isthe speed of light.
If the object is moving al the speed &l hight, v = ¢
1
rﬂ
¢
c
1
r= =T
:-"‘I
Vi
y= o



Section (C): ERQs (Long Answered Questions):

L. State and explain the basic postulates of Einstein’s special theory of relutivity, Discuss
length-contraction, mass variation and time-dilation,

Ans| The Postulates of Special Relativity: The special theary of relativity is based on two

essential assumptions, commonly known as postulates.
Postulate | (Principle of Relativity ):
The laws of Physics have the same form in all inertial fromes of reference.

Consider a vehicle moving at a constant speed. Inside the vehicle, o passenger throws a ball straight
up into the air. If we ignore any effects from the air, the passenger inside the moving vehicle sees
the ball move up and then back down in a straight line, just as it would appear if someone sianding
still on the Earth threw a ball upwards. This means that the Laws of phyag that govern the motion
of the ball, including gravity and equations lor constant accelersting, .%bc sume way whether
the vehicle is moving or at rest fb.

Both observers, the one inside the vehicle and the one on the @ﬂ the ball go up and come
back down, However, they see the path of the ball iu"m"!\l person on the ground sees the
ball's path ax a curved shape (0 parabola), while the the vehicle sees it as a simple up-
and-down motion. Ax shown in figure below,

Additonally. the person on the ground thinks i Ball has a horizontal component of velocity,
which 1s the same us the vehicle's velociry £ utkide observer, the distance traveled along the
parabalic path is longer than the path wen but the tme for the fall is the same. For the
outside ohserver, the avernge 1 nlmity{ T

! @'Q g °

Fig: Principle of Relativity




Postulate IT (Constancy of the speed of light):

The speed of light in vacuum has the same value, c =3 x 10% m/s in all inertial
reference frames, regardless of the velocity of the observer or the velocity of the source
emitting the light.

Consider again the same example of throwing a ball in moving vehicle. As shown in figure below,
But this time, instead of throwing a ball, we shine a flashlight. If we were to do the same thing
with light as we did with the ball, common sense might suggest that the speed of light would
increase it the vehicle is moving in the same direction as the light according to Galilean
Transformation Equation: v = ¢ + u (if we replace ball's speed v with speed of light ¢) In fact,
such an increase in the speed of light has never been found. In fact, in experiments carried out to
test for the effort of the movement of the source on the speed of light (Michelson Morley), the
results indicate that the speed of light is completely unaffected by the motion of the source It
appears that the speed of light in a vacuum is constant regardless of relafive motion.

Observer
on earth

Fig: Two different frames of reji_:_rcn‘pe'but speed of light is constant for both frames of
h references

Length Contraction: Let Ly be the length of a rod when the rod is stationary as shown in fig
(a). If there is relative motion/ag speed 1 between an observer at rest and the rod along the length
of the rod, then-observer will calculate a relativistic length L given by

Where the length L, is called proper length, L is relativistic length and c is speed of light (3 X
108 m/s). The relative motion causes a length contraction as shown in fig (b).
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Fig: Proper length and relative length of a rod moving with velocity v

A greater speed v results in a greater contraction Space contracts in only one direction, the
direction of motion as shown in figure below.

O

v=10.87¢c v=0.995¢ v=10.999¢ v=2£(l)

v=10

Fig: Relative speed increases the contraction in only in one direction the direction of motion.
It doesn't affect other directions.

Mass Variation: 1.ct m, be the rest mass of an object. If the object is moving at speed v then
its relativistic mass m will be given by
my
i =
2
c

Whore m is relativistic mass and c is speed of light. The relative motion causes a mass variation.



Time Dilation: The time interval, between two events occurring at a given point in the moving
frame S' appears to be longer to the observer in the stationary frame S. This effect is called time
dilation.

Let Aty be the proper time measured by a clock that is at rest. The relative time t measured in
another frame of reference is given by

At,

v2
CZ

Af=
s

Where At is relativistic time and c is speed of light (3 X 108 m/s). Here, the value of |1 — z—z

should not be equal to zero; this will only occur when the speed of an object is less than the speed
of light c. If the speed of an object v equals ¢ in the above equation, then At becomes infinite. This
implies that time will seemingly stop, which is impossible. Therefore, ao ‘material object can travel
at the speed of light. As shown in figure below. '

2. Explain the concept of mass-energy equivalence. Derive Einstein's mass-energy relation
and demonstrate that 1 atomic mass unit (u) is equivalent to' 931 MeV.

Ans) Concept of Mass-Energy Equivalence: Fhe concept of mass-energy equivalence is
one of the most profound results of Einstein's theary of special relativity. It states that mass and
energy are interchangeable; mass can be convegtedinto energy and vice versa. This relationship is
summarized by the famous equation: '

wF = mc
Where

e E is the total energy of an object,
e m is the mass of the ébject,
e cis the $peed 6f light in a vacuum.

This equation implies that even a small amount of mass corresponds to an enormous amount of
energy due to the factor of ¢2, where ¢ = 3 X 108m/s. It also shows that mass is just another form
of energy.

Physical Interpretation:

e Rest energy: The energy associated with the rest mass m, of an object when it is not
moving is given by E = m,c2.

¢ Kinetic energy: As an object moves and its velocity increases, it gains kinetic energy,
which adds to the total energy.



e Energy transformation: In nuclear reactions, for instance, a small amount of mass is
converted into energy, explaining why nuclear processes release such vast amounts of
energy (as seen in nuclear bombs and stars).

Einstein's Mass Energy Relationship: According to Einstein's special theory of relativity,
mass and energy are interchangeable. At rest, an object's mass m, and the equivalent energy E,
are related by:

Ejy =i e®

If the object is moving, it has additional energy in the form of kinetic energy K. E. The total energy
E is the sum of its mass energy and its kinetic energy:

1
E = E; + K.E = myc®> + Emovz

2

v
E=my?(1+—
“( 262)

v2
S I 20 y = Lorentz factor
Er= }’mgfz
Energy equivalent of 1 a.m.u./u: According to Einstein mass-energy relation, the energy
equivalent to mass m given by: E = mc? where e is velocity of light.

Let mass = la.m.u = 1.680665 x 1072 kg, ¢ = 3 x 108 m/s. Then energy equivalent to
1 a.m.u is given as:

1la.m.u = 1680665 x 10727 x (8 x 10%)% = 1.4925 x 107'° Joules

1 _ 1.4925 x 1010 — 931 MeV
MU= — e = e




3. Discuss the important conclusions derived from General Theory of relativity. What are
the experimental observations in favour of these conclusions?

Ans) General relativity has a number of consequences:

Einstein's general theory of relativity states that time is a fourth dimension adding to the
three dimensions of space. Einstein called this four-dimensional geometry as space-time.
The general theory of relativity also predicted light coming from a strong gravitational field
would have its wavelength shifted toward longer wavelengths, called a red-shift.

The theory also predicted that when gravity becomes great enough, it would produce
objects called black holes. Black holes are objects whose gravity is so massive that light
cannot escape from the surface at all. Since no light can escape, such objects would appear
black.

Light is bent as it passes through curved space-time. This can,cause distant objects to
appear distorted or magnified. Gravitational lensing has been used\ to,study distant galaxies
and other objects. :

The expansion of the universe: General relativity predicts'thatthe universe is expanding.

Experimental observations in favour of these conclusions:

The expansion of the universe has been confirinedsby astronomical observations.

Dr. Katie Bouman captures the first image ©1 d*black hole. She and her team of NASA
scientists developed a new technology..to "make the discovery possible. In 2019,
astronomers observed the first direct evidence of existence of a black hole.

4. How does the principle of relativity differ from the classical Galilean view?

Ans) The Principle of Relativity in..__Einstein‘s Special Theory of Relativity fundamentally differs
from the classical Galilean Relatiyity in how it treats the concepts of space, time, and motion. Let’s
explore these differences in detail.’

Nature of Space and Time:

e Galilean Relativity (Classical View):

e Space and time are treated as absolute and independent of each other. Time
flows uniformly for all observers, and space is considered a fixed, unchanging
stage where objects move.

e The equations of motion (e.g., Newton's laws) apply in any inertial frame, and
transformations between these frames (Galilean transformations) assume time
is the same for all observers



e Einstein’s Special Relativity:

e Space and time are relative and interconnected, forming a single entity called
spacetime. The flow of time and the measurement of distances depend on the
observer’s relative motion.

e Time dilates (slows down) and lengths contract (shrink) for objects moving
close to the speed of light, as observed from a different inertial frame. These
effects are governed by the Lorentz transformations, not the Galilean
transformations.

e This leads to the idea that time is not absolute; it can be different for different
observers moving relative to each other.

Transformation between Reference Frames:

e Galilean Transformations (Classical View):

e The transformations assume that time is the same for all observers, regardless of
their motion. The velocity of one object relative to another is simply the sum or
difference of their velocities.

Galilean Transformation Equations:
x'=x—vtandt' =t
where x and t are the position and time in one reference frame, and x’ and t’ are
the position and time in another frame moving with velocity v relative to the first.
¢ Lorentz Transformations (Relativity View):

e The Lorentz transformations replace the Galilean transformations when dealing
with speeds close to the speed of light. These transformations account for the fact
that the speed of light c is constant for all observers, regardless of their motion.

Lorentz Transformation Equations:

vXx

x'=y(x—vt)andt' = y(t——)

c2
where y is the Lorentz factor:

1

V=T
3

This shows that space and time are mixed together and depend on the relative velocity
between observers. The addition of velocities is also different, where velocities do not add
linearly as in Galilean relativity.



Constancy of the Speed of Light:

e Galilean Relativity (Classical View):

e There is no universal speed limit, and the speed of light can vary depending on the
relative motion of the observer and the source of light. For example, if a light source
is moving toward you, classical mechanics would suggest you see the light
approaching faster than if the source were stationary.

e [Einstein’s Relativity:

e The speed of light is constant for all observers, regardless of their motion relative
to the light source. This is a central postulate of Einstein's special relativity and
directly contradicts the Galilean view. It means that no matter how fast an observer
is moving, they will always measure the speed of light as ¢ = 3 X 108.

Relativity of Simultaneity:

¢ Galilean Relativity (Classical View):

e Events that occur at the same time are considered simultaneous for all observers,
regardless of their motion. Time is absolute, s, iftwo events are simultaneous in
one reference frame, they are simultaneous in all'others.

¢ Einstein’s Relativity:

e The concept of simultaneity is relmi\fe.-Whether two events occur at the same time
depends on the observer’s frame of teference. For example, two events that appear
simultaneous to a stationary observer may not be simultaneous to an observer in
motion relative to the events. This'is a consequence of time dilation and the finite
speed of light.

Time Dilation and Length Centraction:

¢ Galilean Relativity (Classical View):

e Time and space are'independent and absolute, meaning clocks tick at the same rate,
and len@ths de not change regardless of motion.

¢ Einstein’s Relativity:

e Time dilates (slows down) and length contracts (shortens) for objects moving at
speeds close to the speed of light relative to an observer. These effects are
measurable and have been confirmed in experiments with high-speed particles and
atomic clocks on fast-moving airplanes.



Energy and Mass:

e Galilean Relativity (Classical View):

e Mass is considered constant, regardless of the speed of an object. Energy and mass
are treated as separate entities, and energy is purely kinetic at high speeds.

¢ Einstein’s Relativity:

e Mass and energy are equivalent as expressed by E = mc?. An object’s relativistic
mass increases with speed, meaning it takes more and more energy to accelerate it
as its velocity approaches the speed of light. No object with mass can reach or
exceed the speed of light.

5. Explain the concept of spacetime curvature in general relativity and how it is used to
visualize the effects of gravity.

Ans) Gravity as Space Time Continuum/Curvature: According to General Theory of
Relativity, when you put mass in space-time, it bends the geometry of space- time. According to
this theory, gravity is not just a force between masses, as described by Newtonian physics, but
rather a manifestation of the curvature of space-time caused by mass and energy.

Here's a breakdown of what this concept entails:
Space-time Continuum:

e Space and time are unified into asingle, four- dimensional entity known as space-time. In
the absence of gravity or significant mass, space time is flat.

e However, the presence of mass and cnergy warps or curves the fabric of space-time. This
curvature is what we perceive as (he force of gravity.

Curvature of Space-time:

e Massive objects, such as stars, planets, and galaxies, curve the space-time around them.
The greater the mass or energy density, the greater the curvature of space-time.

Fig: Heavier object bends the geometry of spacetime more than lighter object



e Objects move along paths dictated by the curvature of space-time, which we perceive as
being influenced by gravity. For example, Earth orbits the Sun because the Sun's mass
curves the space-time around it, causing Earth to follow a curved path.

The gravity of a massive object bends
the fabric of space and time

\ 4
Actual
direction
to star Apparent
4 direction

; to star
Curvature of space

by mass of i
the sun .

Light follows
the contours
of space-time

Fig: Effects of Gravity
Physical Interpretation:

e QGravity is thus interpreted as the result of objects rr_;ov':fﬁg through the curved space-time
created by mass and energy. Massive objects "wg:g’?_.me Tspace-time around them, causing
other objects to move in response to this curvaturey

e This concept provides a unified exp]anatiou_fof both the gravitational force and the motion
of objects in space, incorporating both Rpm and time into a single framework.

6. Derive the basic equations of the Gali_l_aan'ffhns:formation and explain how they relate the
positions and velocities of objects in djf;’e;gnt inertial frames.

Ans) Relation of Positions in lefﬁrént Frames: Let S and S' be two inertial frames as shown in
figure below. Let S be at rest and-S"moves with uniform velocity v along the positive X direction.
We assume that v << c. Let she'origins of the two frames coincide at t = 0. Suppose some event
occurs at the pomt P. 'Iha obsérver O in frame S determines the position of the event by the
coordinates X, y, 7. The. observer O' in frame S' determines the position of the event by the
coordinate's X', y', Z.. Let'the time elapsed at the same rate in both frames, i.e., t=t'. There is no
relative motion between S and S' along the axes of Y and Z. Measurements in the X direction made
is S frame will be greater than those made in S' frame by the amount vt, which is the distance x'
has moved in the X direction.

Therefore,



The set of above equations is known as the Galilean transformation equations.

YA S - system AY' S'-system
—p V
TP
% X >
— X —p
|
< vt » I
|
» X L—p X'
0 (o}

v !
Z Z
Fig: Inertial frames of references: moving and stationary

Relation of Velocities in Different Frames: The velocity of an‘object is the rate of change
of its position with respect to time. If the object’s position in frame S is given by x(t), then its
velocity in frame S, denoted as v,, is:

dx
Vy = E

In frame ', the position of the object is x" = x — vt: T aking the derivative of this expression with
respect to time gives the velocity in frame S’, denoted as v,.":
, adx' d
‘Ux e Tl —
dt dt
This shows that the velocity'of the object in frame S’ is simply the velocity of the object in frame
S minus the relative velocity v between the two frames.

dx
x—vt):a—v=vx—v

7. Discuss the Lorentz transformation equations in special relativity and how they describe
the relationship between space and time coordinates in different inertial frames. Give
examples to illustrate then application.

Ans) Lorentz Transformation Equations in Special Relativity: The Lorentz
transformation equations are central to Einstein's theory of special relativity, describing how space
and time coordinates of an event transform between two inertial reference frames moving at a
constant velocity relative to each other. These transformations replace the Galilean transformations
of classical mechanics when dealing with objects moving at speeds close to the speed of light,
ensuring that the laws of physics, including the constancy of the speed of light, hold true for all
observers.

The two postulates of special relativity lead to the Lorentz transformation, which accounts for
relativistic effects like time dilation and length contraction.



The Lorentz Transformation Equations: Consider two inertial reference frames as
shown in figure below.

Fig: The Lorentz Transformation

e §: A stationary frame (relative to an observer).
e §’: A frame moving with a constant velocity v along the x — axis relative to S.

e (x,v,zt): The position and time of an event in frame S.
e (x',y,7,t"): The position and time of the same event in frame S’.

The Lorentz transformation equations relate these coordinates in the two frames:

i.  Transformation for the x-coordinate:
x' = y(x — vt)
ii.  Transformation for the time-coordinate:
t'=vy (t - ﬁ)
c2
iii.  Transformation for the y- and z-coordinates: Since there is no relative motion along the y
and z-axes, these coordinates remain the same:
Y =yandz =z
Here, y is the Lorentz factor, defined as:
Y " ﬁ
2

Where v is the relative velocity between the frames, and c is the speed of light.



Example 1 (Time Dilation): Let’s consider a spaceship traveling at a speed v = 0.8¢ (where
¢ is the speed of light) relative to Earth. Suppose astronauts on the spaceship observe a clock
ticking at regular intervals of 1 second (in their rest frame).

Using the Lorentz transformation, the time interval At observed on Earth (stationary frame) would
be longer due to time dilation.

The Lorentz factor y is:

y= ——— =167
(0.8¢) 2
1 == C—z

Thus, the time interval At on Earth is:
At =yAty= 1.67 %x1= 1.67s

So, for every 1 second on the spaceship, 1.67 seconds elapse on Earth. This is time dilation, where
the moving clock (spaceship clock) appears to tick slower to the stationary observer on Earth.

Example 2 (Length Contraction): Now. suppose the same spaceship has a proper length
(its length in its own rest frame) of L, = 100 m. From the perspective of an observer on Earth, the
spaceship is moving at 0.8 c, so its length appears contracted.

Using the length contraction.formula:

L, 100
= —= ——="5988m
y 1.67
Therefore, to the Earth observer, the length of the spaceship is only about 59.88 meters due to

relativistic length contraction.
Implications of Lorentz Transformations:

i.  Speed of Light: The Lorentz transformations preserve the constancy of the speed of light
in all inertial frames. This means that if an observer in § measures the speed of light as c,
an observer in S” will also measure the speed of light as c, regardless of the relative motion
between S and S’.

ii.  Relativity of Motion: The Lorentz transformations show that space and time are not
independent; they are linked in such a way that an object’s position and time in one frame
depend on the relative motion between frames. This leads to phenomena like time dilation
and length contraction, which have been experimentally verified (e.g., in particle
accelerators and with GPS satellites).



iii.  Transformation of Velocities: The velocity of an object in one frame can be transformed
into another frame using a velocity transformation derived from the Lorentz
transformations. For velocities close to the speed of light, these transformations show that
no object can exceed the speed of light, which differs from the classical Galilean velocity
addition formula.

Section (D): Numerical:

1. A rod 1 meter long is moving along its length with a velocity 0.6c. Calculate its length as
it appears to an observer (a) on the earth (b) moving with the rod itself.

Data:
Ly= Yo=06c @IL=2,(D) =2;11=10

Solution:

(a)
Bl =
L= (1) /1 — Lor
0.36¢2
L= (1) /1 -

L=0.8m

1)2
L=y /1—6—2

Since observer is moving with rod, therefore v = 0.

(b)

02
L= J1-5

L=1m



2. How fast would a rocket have to go relative to an observer for its length to be contracted
to 99% of its length at rest?

Data:
v=1?,L=099L,

Solution:

g pe f1 =
vz
0.99 Ln —_— LO 1 - (3)(108)2

v =142.32 x10%m/s

3. A particle with a proper lifetime of 1 us moves through the laboratory at .7 x 102 m/s.

(a) What is its lifetime, as measured by observers in the laboratory? (b) What will be the
distance traversed by it before disintegrating?

Data:

Aty =1 210 8s;0=27 x 108m/s, (et =7, (D)S =7

Solution:
(a)
A
At = =2
v
1
ﬂ.t 1 %10

2 (2.7 x 48)%

(3x 10*{‘3

(b)
5
V=R
27 x 108 = ——
2.3x10



4. At what speed is a particle moving if the mass is equal to three times its rest mass?

Data:

v=17m=3m,

Solution:
_ My
m= —
CZ
m
3m0 - D =
w
-
1
3= =
CZ
2 T
l===3
132
1-5==
E
v = (1 = —) c?
g
22

5. If 4 kg of a substance is fully converted into energy, how much energy is produced?
Data:

m= 4kg,E =7
Solution:

E =me?

E = (4)(3 x 108)?

E=3.6x10Y)



6. Calculate the rest energy of an electron in joules and in electron volts.
Data:

E,(in]) =?,E,(ineV) =2
Solution:

E.(in]) = mc?

E.(n]) = (941510779 (3 10%)°

E(in]) =82 x107"]

82x10~14
1.6x1071°

E.(ineV) = 0.512 MeV

E.(ineV) =

7. Calculate the K.E. of an electron moving with a velocity of 0,98 times the velocity of light
in the laboratory system.

Data:
K.E=?,v=098¢c

Solution:

K.E =

CE= A ]N9.11 x 10-31)(3 x 108)2
il_(u.‘.::c)’-_

K.E = 3.3 x-10s13)



8. At what velocity does the K.E of a particle equal its rest energy?
Data:

K.E=E;»=?
Solution:

E, = pe”




9. A particle of rest mass m, moves with speed c¢/+/2. Calculate ns mass, momentum, total
energy and kinetic energy.

Data:

vg=c/NZm=2,p =1, E=?,K.E="7

Solution:
m=—=2
1_(6/v;5]2
m= 2m,
p =mv
p = (V2m,)(c/V2)
p = myc
E =mc?
E = V2m,c?
K.E=| ———1|myc?
(cn2)”

1—

c2

K.E = 0.41m,c?



10. The nearest star to Earth is Proximal Centauri, 4.3 light-years away. A spaceship with a
constant speed of 0.8 c relative to the Earth travels toward the star.

(a) How much time would elapse on a clock as measured by travelers on the spacecraft?
(b) How long does the trip take according to Earth observers?

Data:

S = 4.3 light — years,v = 0.8 ¢, (Atspacecrart = ?» (D) tgarn =?

Solution:

(b)
Atgarin = %
Atgaren = %

Atgaren = 5.375 years =~ 5.38 years

vZ

ﬂtspacecmft = Atgartn /1 ——
. (0.88)
Atspacecrart = (5-38) J;

ﬂtspacecmft = 3.22 years

(a)



UNIT 25: QUANTUM PHYSICS

MCQ'S

KEY
1.d 2.d 3.b 4.8 5.d
6.d 7.b 8.a 9.b 10. ¢
Section (B): CRQs (Short Answered‘Questions):
1. Differentiate between wave and particle.
Ans)
Aspect __r__ L Wave Particle
Nature | Aswave 1s a continuous A particle is a discrete,
oscillation that spreads localized object with a
through space and time. definite position.
Behavior Exhibits interference and Follows classical trajectories;

diffraction.

does not exhibit interference
or diffraction.

Energy Distribution

Energy is spread over a
region of space.

Energy is concentrated in a
specific point or region.

Motion

Described by wave equations
(e.g., wave propagation,

amplitude, frequency).

Described by Newton’s laws
(e.g., momentum, velocity,
position).




2. Is it possible for the de Broglie wavelength of a particle?

Ans) Yes, it is possible for a particle to have a de Broglie wavelength, which is given by:
h
A=—
p

Where A is the wavelength, h is Planck’s constant, and p is the particle's momentum. This concept
applies to all particles, indicating their wave-like nature in quantum mechanics.

3. Estimated Broglie wavelength of a cricket ball on the pitch?

Ans) According the de-Braglie equation

A=—
mv

Assuming a typical mass of a cricket ball is m = 0.16 kg and its velocity is around v = 30 m/s
(a fast delivery in cricket), then

663 % 10734
"~ %0.16)(30)

1=01.38x10"3*m

4. Differentiate between the continuous‘and discrete emission of radiation?

Ans)
Aspect Continuous Emission Discrete Emission

Definition . & B Radiation emitted over a Radiation emitted at specific,
continuous range of distinct wavelengths or
wavelengths or frequencies. frequencies.

Spectrum Produces a smooth, Produces a line spectrum with
uninterrupted spectrum. distinct lines at specific

wavelengths.

Source Typically occurs in hot, dense | Typically occurs in low-
objects like solids, liquids, or | density gases or
high-pressure gases (e.g., atomic/molecular transitions
blackbody radiation). (e.g., atomic spectra).

Energy Levels Emitted energy is not Emission occurs when
confined to specific energy electrons transition between
levels; transitions between quantized energy levels in
many energy states. atoms or molecules.




5. What is threshold frequency?

Ans) The threshold frequency is the minimum frequency of incident light required to eject
electrons from a material in the photoelectric effect.

In other words, it is the lowest frequency at which photons have enough energy to overcome the
work function of the material and release photoelectrons. If the frequency of the incident light is
below this threshold, no electrons will be emitted regardless of the intensity of the light.

Mathematically, the threshold frequency f is related to the work function @ of the material by:
@ = hfo

6. How has the photoelectric effect been applied in real-world technologies or devices, and
what are its practical implications?

Ans) The photoelectric effect has several important real-world applications and practical
implications in various technologies and devices. Here are some key applications:

i.  Photodetectors and Photodiodes: Photodetectors and photodiodes are used in a range of
applications including digital cameras, light sensors, and optical communication systems.
They convert light into electrical signals, enabling devices to detect and process optical
information accurately.

ii.  Solar Cells (Photovoltaic Cells): Solar cells use the photoelectric effect to convert
sunlight into electrical energy. They arc a major technology for renewable energy,
contributing to sustainable power generation and reducing reliance on fossil fuels.

iii. Astronomical Instruments: Instruments like telescopes and spectrometers use
photoelectric detectors to capture and analyze light from distant celestial objects. They
provide valuable data for astronomical research and space exploration.

iv.  X-ray and Gamma-ray Detectors: X-ray and gamma-ray detectors in medical imaging
and radiation ‘monitoring use photoelectric effects to detect high-energy photons. They
enhance diagnostic capabilities and ensure safety in environments with radiation exposure.

7. What are the advantages of an electron microscope over an optical microscope?

Ans) Electron microscopes offer several advantages over optical microscopes, primarily due to
their ability to achieve much higher resolution and magnification. Here are some key advantages:

i.  Higher Resolution: Electron microscopes can achieve resolution down to the atomic level
(around 0.1 nanometers), while optical microscopes are limited to resolutions of about 200
nanometers due to the wavelength of visible light.

ii.  Greater Magnification: Electron microscopes can magnify specimens up to several
million times, compared to the few thousand times achievable with optical microscopes.

iii.  Detailed Imaging of Internal Structures: Transmission electron microscopes (TEM) can
provide detailed images of the internal structure of specimens, including organelles,
cellular membranes, and crystal lattices, while optical microscopes can’t.



iv. Enhanced Contrast: Eleciron microscopes use electron beams and can achieve contrast
through different imaging techniques, such as phase contrast and dark-field imaging. which
can enhance the visibility of fine details.

&. Is it possible to create only an electron through matter and photon interaction?

Ans) No, it is not possible to create only an electron through matter and photon interaction. An
electron ix always created with its antiparticle, o positron, due (o conservation laws.

9. Give construction of electron microscope?

Ans) Electron microscope: The construction of an electron microscope involves several key
components and systems, Here's a concise overview of the main components.

L Electron Source:
o  Component: Electron gun (often a field emission ordhenmionic emission source),
s  Function: Generates a beam of electrons,
it. Electromagnetic Lenses:
» Component: Magnentc lenses,
« Function: Focuses and directs the electron beam, similar w0 how optical lenses
work with light.
iii.  Sumple Holder:
* Component: Specimen stage or holder.
« Function: Holds and positions the sample within the electron beam.
iv.  Vacoum System:
¢  Component: High-vacuum chamber,
s Function: Mamtams a vacuum environment o prevent electron scattening by air
maolecules,
v.  Detectors:
e Component: Backscattered electron detector and secondary electron detector,

e Funrtion: Captures and converts the electron imnge imto a visible format for
analvsis




10. Elaborate the particle nature of electromagnetic radiation.

Ans) Particle Nature of Electromagnetic Radiation: Electromagnetic radiation can be
described in terms of a stream of mass-less particles, called photons. Each photon contains a certain
amount of energy. The different types of radiation are defined by the amount of energy found in
the photons.

The particle nature of light states that light consists of particles called Photons" (Particles do not
interfere) That is, when the space is occupied by some particle, other particles cannot occupy the
same space. Experiments from the last century, such as the photoelectric effect and atomic line
spectra, can only be explained if EM radiation is assumed to behave as particles.

Section (C): ERQs (Long Answered Questions):
1. Describe how energy is distributed over the wavelength range [ordifferent temperatures.

Ans) The distribution of energy over different wavelengths at various,temperatures is described
by blackbody radiation. A blackbody is an idealized object that ahserbs/all incident radiation and
re-emits energy in a characteristic spectrum that depends solelyom its temperature. The distribution
of this emitted energy across wavelengths at different temperatures can be understood through
Planck’s law, Wien’s displacement law, and the Stefan-Beltzmann law.

i. Planck’s Law: Planck’s law gives the spectralradiance of a blackbody, which describes
the amount of energy emitted per unit area, per unit wavelength, per unit time. The law is

written as:
o5, 2hc? 1
14T = BT T
Where:

I(4,T) is the §pectial radiance at wavelength A and temperature T.
h is Planck s constant
c is the speed of light
kgis Boltzmann’s constant
Key Features of Planck’s Law:
e At higher temperatures, the emitted energy increases and shifts to shorter
wavelengths (towards the visible or even ultraviolet spectrum).
e Atlower temperatures, the energy is mostly emitted at longer wavelengths (infrared
or beyond), with less total radiation.



ii. Wien’s Displacement Law: Wien's displacement law describes the relationship
between the temperature of a blackbody and the wavelength at which it emits the maximum
intensity of radiation. It shows that as the temperature increases, the peak of the emitted
spectrum shifts to shorter wavelengths.

Agiiad =B
where:
® A4 1s the wavelength at which the blackbody emits the maximum radiation
e T is the temperature of the blackbody
e b is Wien’s constant

Implication:

e At higher temperatures, A,,,, becomes smaller, meaning the peak of the emitted
spectrum shifts toward shorter wavelengths (from infrared to visible to ultraviolet).

e At lower temperatures, 4,,,, moves to longer wavelengths, mostly in the infrared
region.

For example:

e The Sun, with a surface temperature around 5778 K, emits most of its radiation in
the visible spectrum, with 4,,,, around 500 nm (green light).

e A cooler object, like a person at room temperature (~300 K), emits primarily in the
infrared, with A,,,,, around 97 pm (far infrared).

iii. Stefan-Boltzmann Law: The Stefan-Boltzmann law provides the total energy
radiated per unit surface area of a blackbody across all wavelengths. It states that the total
radiative energy is proportional to the fourth power of the blackbody’s temperature:

' P=oT*
Where:
e P is the toral power radiated per unit area
e ¢ is the Stefan-Boltzmann constant
e T is the absolute temperature in kelvins (K).
Implication:
e As the temperature of an object increases, the total energy radiated increases
dramatically (since it depends on T*).
e A small increase in temperature leads to a significant rise in the energy radiated.

Energy Distribution Over Wavelength Range at Different Temperatures:

i. Low Temperatures (e.g., room temperature):
e Most radiation is emitted in the infrared part of the spectrum.
e Little to no visible light is emitted.
e Peak wavelength is at long wavelengths, around 10 pm.



ii. = Moderate Temperatures (e.g., incandescent light bulb, ~3000 K):
e Radiation shifts toward shorter wavelengths.
e A significant portion of the radiation is emitted in the visible spectrum, hence the
light appears yellowish-white.
e Peak wavelength is around 1000 nm (near-infrared to visible).
ili. High Temperatures (e.g., the Sun, ~6000 K):
e The peak of the radiation moves further into the visible spectrum, with a lot of
energy emitted in the blue and ultraviolet regions.
e The radiation intensity increases significantly across all wavelengths.
e Peak wavelength is around 500 nm (visible green light).
iv. Extremely High Temperatures (e.g., stars hotter than the Sun, ~10,000 K):
e Peak emission shifts into the ultraviolet range.
e The amount of visible light emitted increases, with stars appcaring bluish.
e Peak wavelength is around 300 nm.

2. Explain the particle model of light in terms of photons with particular energy and
frequency. '

Ans) Particle Model of Photons with Energy -and Frequency: In Compton Effect
experiment, there is increase in wavelength of phulons; due to their scattering by an electron. The
impact results is one of the fundamentals of quantum=mechanics, which represents wave and
particle properties of light.

Arthur Holly Compton successfully demonstrated that X-rays can be treated as discrete bundles,
or quanta, of electromagnetic energy. ‘Thisiconcept was later termed "photon" by American
physicist Gilbert Lewis. '

Photons exhibit both particle-likeé (properties, such as energy and momentum, and wave-like
properties, such as frequency and diffraction. The energy of a photon is dependent on its frequency,

with lower energy photonsshaving'lower frequencies and longer wavelengths, as described by the

‘ hv
equation E = 7‘

In Compton's experiment, photons collide with free or loosely bound electrons in matter. During
these collisions, photons transfer part of their energy and momentum to the electrons, causing the
electrons to recoil. This interaction results in the emission of new photons with lower energy and
longer wavelengths, a phenomenon known as the Compton shift. The shift in frequency of the
scattered photons depends on the energy transferred to the electrons and is independent of the
initial wavelength of the incident photons.



3. Describe conservation laws in pair production and annihilation of matter.

Ans) Conservation laws of Pair-Production: For pair production to occur, a photon must
have a minimum energy of 1.022 MeV. This requirement arises because the rest mass of both an
electron and a positron is 0.511 MeV each. Therefore, the combined energy needed to create an
electron-positron pair is 0.511 MeV x 2 (1.022 MeV); If the incident photon possesses energy
exceeding 1.022 MeV, the surplus energy is distributed as kinetic energy between the electron and
the positron.

Therefore, the pair production reaction is given as under:
Y= e+e'=1.02 MeV

Facts of pair production process are:

i.  The pair production process obeys law of conservation of energy, momentum and electric
charge respectively.

ii. During collision, the antiparticle of an electron i.e., positron has the same physical
properties as electron, except its charge, as both have opposite charge to each other. The
sum of charges happens to be zero which is equal to photon before interaction. Therefore,
electric charge is conserved.

iii.  The law of conservation of energy is
(a) hf=(K.E)et (K.E)e +
(b) hf=2mue’ + (K.E)et (K.E)e s

Conservation laws of annihilation of matter:
ete vty

Each photon has an energy equal to the rest mass of electrons 0.51 MeV. The two photons are
produced moving in opposite direction in order to conserve momentum and energy which forbids
the creation of a single gamma- ray, as shown in figure below. The charge is also conserved as net
charge before and after is zero.

Photon

Positron
¢
v

Annihilation
©
Electron
Photon

Fig: Annihilation of Matter



4. Describe Compton's effect qualitatively.

Ans) Compton Effect Qualitatively: Compton's Effect, as illustrated in figure below, can
be qualitatively explained as follows:

X-ray  Electron (—
photon L Scattered

—"Uq'dﬂ'u'nb'r = ;'/H‘I electron

/
|

I_\_/
Inelastic MI
collision Scatt%? (L~
X-ray photon
Fig: Compton Effect

Initial Interaction: A photon, which is a packet of eléctmmagneti'c energy, interacts with an
electron in a material, typically a target like a metal or graphite:,

Scattering Process: During the interaction,, the photon ‘transfers some of its energy and
momentum to the electron. This transfer causes the photon to change its direction and wavelength
(or equivalently, its frequency).

Change in Photon Energy: The scattered _phﬁtﬁn emerges with less energy (longer wavelength)
than the initial incident photon. The amoufit'gf energy lost by the photon is directly related to the
energy and momentum gained by the elEétron.

Quantum Nature: Compton’s Efféet “cannot be explained using classical wave theory alone.
Classical wave theory predicts thatlight should scatter uniformly without a change in wavelength.
However, Compton's observiwions demonstrated that the scattered light has a shifted wavelength,
indicating a particle-liké\interaction.

Experimental Confirmation: Compton conducted experiments where X-rays were targeted at
graphite and the scattered X-rays were observed. By measuring the scattering angle and change in
wavelength, he confirmed that the results were consistent with the predictions of quantum theory.

Wavelength Shift: The wavelength shift observed in Compton scattering is directly proportional
to the Compton wavelength, which depends on the mass of the electron and the Planck constant.
This relationship provides crucial evidence for the particle nature of photons. The Compton shift
can be evolved as under:

hc h
A=Ay = —(1—Cos8) = — (1 - Cosh)
By MmyC

h
AA Hm_gc{ 1-— COSB)



This equation describes the phenomenon known as Compton Effect. AA gives the change in photon
wavelength due to scattering with a free electron and it is called Compton shift.

It's clear that the Compton Shift is independent of the wavelength of the incident photon and
depends on scattering angle.

The term A, = ﬁ = 2.426 x 10712 m, is called Compton Wavelength of the scattering particle

0
i.e., electron.

5. Explain how the very short wavelength of electrons, and the ability to use electrons and
magnetic fields to focus them, allows electron microscope to achieve very high resolution.

Ans) Electron microscopes achieve very high resolution due to the very short wavelength of
electrons and the ability to focus these electrons using magnetic fields. Here's how these factors
contribute: :

i. Wavelength of Electrons: _

e The resolving power of a microscope is limited by.the wavelength of the radiation
used to illuminate the sample, as described by the Abbe diffraction limit. According
to this principle, smaller wavelengths allow for greater resolution.

e In light microscopes, visible light is used, which has a wavelength range of 400-
700 nanometers. This limits the resolution to about 200 nanometers.

e In electron microscopes, cleetrons are used instead of light. When electrons are
accelerated to high velocities, their wavelength (calculated using the de Broglie
equation) becomes extremely small—on the order of fractions of a nanometer. For
example, an electron acceleraled at 100,000 volts has a wavelength around 0.0037
nanometers, which is thousands of times smaller than visible light.

e This short wavelength allows electron microscopes to resolve much smaller
structures, down to the atomic level (less than 1 nanometer), which is far beyond
the capability of optical microscopes.

iil. Focusing of Electrons:

e Electrons are charged particles, and unlike light (which is focused by glass lenses),
they can be controlled using magnetic or electrostatic lenses.

e In an electron microscope, strong electromagnetic lenses are used to focus and
direct the electron beam. These lenses generate magnetic fields that bend the
electron paths, similar to how glass lenses bend light in an optical microscope.

e The ability to precisely manipulate and focus the electron beam is crucial in
achieving high magnification and resolving extremely fine details of a sample.

iii. Combination of Wavelength and Focusing:

e The combination of a very short wavelength and highly controllable magnetic fields
allows electron microscopes, particularly transmission electron microscopes
(TEM), to achieve resolutions as fine as 0.1 nanometers (1 ;%), revealing atomic
structures that are impossible to see with conventional light microscopes.



6. Describe the impact of de Broglie proposal that any kind of particle has both wave and
particle properties.

Ans) The de Broglie hypothesis, proposed by French physicist Louis de Broglie in 1924, had a
profound impact on the development of quantum mechanics and modern physics. His
groundbreaking idea was that any particle, not just light, has both wave and particle properties.
This concept, often referred to as wave-particle duality, transformed our understanding of the
nature of matter and energy. Here's how it impacted various fields:

i. Fundamental Shift in Physics:

Before de Broglie’s proposal, wave-particle duality was mainly associated with
light, following the results of the photoelectric effect (which showed light behaves
as particles called photons) and interference experiments (which showed light
behaves as a wave). Matter was still considered purely as, particles.

De Broglie suggested that if light (waves) could behave like particles, particles such

as electrons could also exhibit wave-like behavior, His ¢quation 1 = % (where A is

wavelength, h is Planck's constant, and p is~the, momentum of the particle)
described the wavelength of any particle in terms/of its momentum.

ii. Development of Quantum Mechanics:

De Broglie’s hypothesis led directly terthe development of wave mechanics in
quantum physics. Soon after, Erwin Schrodinger developed the Schrodinger
equation, which describes particles as wave functions that spread out in space and
time. This equation became,centsal to quantum mechanics.

The wave-particle duality idea became fundamental in describing the behavior of
subatomic particles like eleetrons, protons, and neutrons, influencing the design of
new models for ulomic and molecular structures.

iii. Experimental Verification:

In 1927. Dayisson and Germer performed an experiment where they observed
electron~diffraction, confirming that electrons (normally considered particles)
exhibitcdiwave-like behavior when they scattered off a crystal. This provided direct
experimental support for de Broglie’s hypothesis.

Electron microscopy is based on this principle, where electrons are used as waves
to image very small structures with extremely high resolution, as their wavelength
can be made very small.

iv. Heisenberg’s Uncertainty Principle:

De Broglie’s wave-particle duality led to the development of Werner Heisenberg’s
Uncertainty Principle, which states that one cannot precisely measure both the
position and momentum of a particle at the same time. The particle’s wave-like
nature means it has an inherent uncertainty in these measurements.

This principle is fundamental to quantum mechanics and reflects the limitations of
our classical understanding of particle behavior.



v. Quantum Tunneling:

e De Broglie’s wave nature of particles also explained phenomena like quantum
tunneling, where particles can pass through energy barriers that would be
insurmountable under classical physics. This is possible because particles, as
waves, have a probability of being found on the other side of a barrier.

vi. Impact on Chemistry and Material Science:

e In chemistry, wave-particle duality allowed scientists to understand the behavior of
electrons in atoms and molecules more deeply. The wave nature of electrons
explains the structure of atomic orbitals and their quantized energy levels, which
are critical for understanding chemical bonds and reactions.

e Semiconductor technology, which powers modern electronics, is also based on
quantum principles derived from wave-particle duality, especially in the
understanding of electron behavior in materials.

7. Describe the confirmation of de Broglie proposal by Davisson and Germer experiment in
which the diffraction of electrons by the surface layers of a crystal lattice was observed.

Ans) The Davisson and Germer experiment (1927) provided crucial experimental confirmation of
de Broglie’s hypothesis that particles, such as electrons, exhibit wave-like behavior. This
experiment demonstrated the diffraction of electrons by the surface layers of a crystal lattice, which
is a hallmark of wave phenomena. Here’s a detailed description of the experiment and its
significance:

i. Background:
e Louis de Broglie proposed in 1924 that all matter, including particles like electrons,

could exhibit wave-like properties, with a wavelength 4 given by the equation:

h
A=
p

where h is Planck’s constant and p is the momentum of the particle.

e This was a bold extension of wave-particle duality, which had been observed in
light. Dc Broglie’s theory suggested that electrons, previously regarded as point-
like particles, could also behave as waves under certain conditions.

ii. Experimental Setup:

e C(Clinton Davisson and Lester Germer were conducting experiments at Bell Labs to
study the behavior of electrons scattered off a nickel crystal surface.

e They accelerated a beam of low-energy electrons (using a vacuum tube) and
directed it at the surface of a nickel target. The electrons were scattered off the
surface, and the intensity of the scattered electrons was measured as a function of
the scattering angle.

e [Initially, the experiment was designed to study how electrons reflect off surfaces,
but during the course of their work, they observed something remarkable.



iii. Observation of Electron Diffraction:

The key result occurred when the electron beam was directed at a nickel crystal at
the correct energy. The nickel crystal acted like a diffraction grating for the
electrons.

The scattered electrons formed a pattern of intensity peaks at specific angles, which
closely resembled the diffraction patterns observed with waves (such as X-rays)
interacting with crystals.

This diffraction pattern is strong evidence of wave-like behavior because
diffraction occurs when a wave encounters an obstacle or slit that is comparable in
size to its wavelength.

iv. Confirmation of de Broglie’s Hypothesis:

By analyzing the diffraction pattern, Davisson and Germer calculated the
wavelength of the electrons based on the angles of constructive interference using
Bragg’s law: '
niA = 2d sinf

Where:

e 1 is the wavelength of the electrons

e d is the spacing between atomic plangs in'the crystal

e 0 is the angle of diffraction

e nis an integer representing the diffraction order
The calculated wavelength of the'¢lecfrons matched the wavelength predicted by

. . h Ny . . .
de Broglie’s equation A = = confirming that electrons behave like waves with a

wavelength inversely propartional to their momentum.

v. Significance of the Experimént:

The Davisson-Germer experiment was the first direct experimental confirmation of
de Broglie’s the’ofy of matter waves. It proved that particles such as electrons,
which were, [i;éevibusly thought to behave purely as particles, could also exhibit
wave-like .liéhavior.

This finding was pivotal in the development of quantum mechanics, as it provided
experimental validation for the concept of wave-particle duality, not just for light,
but for all matter.

It also supported the growing understanding that at the atomic and subatomic scales,
particles do not follow classical mechanics but instead behave according to the rules
of quantum mechanics, where the wave-like nature of particles plays a key role.



Section (D): Numerical:
1. The Sun's surface temperature is 5700 K.
(i) How much power is radiated by the Sun?

(ii) Given that the distance to Earth is about 200 Sun radii, what is the maximum
power possible from one square kilometer solar energy installation?

(iii) What is the wavelength of maximum intensity of solar radiation?
Data:

T 5700 K, (1P =2 . 001 Be =3, () Ay =52
Solution:
(1)

P=gl*

& 0 =5.67x10"8 W/m?K*

P = (5.67 x 10~8)(5700)*

P = (5.67 x 1078)(5700)*

P =5.98 x 107 W/m?
(i1)

P,ax = PA

The sun has a radius of 6.96 X 108 m

The area of the sun.is A = 47R?

H= 4nt6.96 x 10%)2

A= 6.087 x 108 m?

Poax = (5.98 x 107)(6.087 x 108)

Pax = 3.6 x 10%° Watts
(1i1)

b

A
max T

2.897x1073 —7
Amax= W—)lmax=51xl(} m



2. The temperature of your skin is approximately 32 °C. What is the wavelength at which
the peak occurs in the radiation emitted from your skin?

Data:
T=32°C=32+4+273=305K,A =7

Solution:
L=
T
R 2
T

b=2897x10"3mK

2.897x1073
305

A=9.5%x10"°m

A=

3. An FM radio transmitter has a power output of 100 kW and operates at a frequency of 94
MHz. How many photons per second does the transmitter emit?

Data:

P=100kW =100 x 10° W,v = 94 MHz = 94 x 10° Hz,N =?
Solution:

E=hv ;

E = (6.63 x 1073%)(94 x 10°)

E=623x10"26]

P .
N =-
E
100%103
N=——
6.23x10726

N =1.605 x 10351



4. A light source of wavelength illuminates a metal and ejects photoelectrons with a
maximum kinetic energy of 1.0 eV. A second light source with half the wavelength of the first
ejects photoelectrons with a maximum kinetic energy of 4.0 eV. Determine the work function
of the metal.

Data:
K.Ey=10eV,, =2,KE,=40eV,0=?

Solution:

e  When light of wavelength 4, is incident on a metal then,

hc
E1=A—=K.E1+®

1

hc~—10+®
/11_'

e  When light of wavelength 4, = % is incident on a metal then

n_hc_ hc_KE @
s e
2hc
A

2(2—:):4+®

=4+0

. he 3 :
Putting e 1.0 + @ in above equation, we get
1

210+0)=4+0
p=2eV



5. A 430 nm violet light is an incident on a calcium photo electrode with a work function of
2.71 eV. Find the energy of the incident photons and the maximum kinetic energy of ejected
electrons.

Data:
A=430nm = 430%x10"?m, @0 = 2.71eV,E =?,K.E =?

Solution:
he
E= e
(6.63x1073%)(3x108%)
Fo=
430x107°
E=4625x10"19]
_ 4.625x1071°
T 16x1071°
E=2.89%eV
E=K.E+0
289 =2714+9
P=0.18¢eV

6. Cut-off frequency for the photoelectrie efféct in some materials is 8 x 1013 Hz. When the

incident light has a frequency of 1.2 %.10* Hz, the stopping potential is measured as - 0.16
V. Estimate a value of Planck's constant from these data and determine the percentage error
of your estimation. '

Data:

vo = 8 x 10'¥Hz, = 1.2 x 10" Hz,Vy, = —0.16 V,h =?,%error =?
Solution:

hv — hyy = eV,

h(v —vy) = el

h(1.2 x 10** — 8 x 10*3) = (1.6 x 10719)(0.16)

- (1.6x1071?)(0.16)
T 1.2x1014-8x1013

h=64 x 107345

o, :
Yerror = Lrue—Vapproxl o 4000,
true



|6.63 x 10734 —6.4 x 1073%|
6.63 X 10734

%error = 3.47%

%error =

x 100%

7. The work function of some metals is listed below. The number of metals which will show
photoelectric effect when light of 300 nm wavelength falls on the metal is

Metal Li Na K Mg Cu Ag Fe Pt W
PineV |24 23 2.2 37 4.8 4.3 4.7 6.3 4.75
Data:

A= 300nm = 300 x 10~ °m,
Number of metals which will show photoelectric effect =17

Solution:

hc
E=5
_ (6.63x1073*)(3x10°)

300 x 1077

E

E=663x10"1]

6.63x10719
E=——=414¢eV
1.6x10~1°9

Those metals which have work function equals to this energy or less, they will show photoelectric
effect. So four metals namely Li, Na, K and Mg will show photoelectric effect.

8. X-rays with an energy of 300 keV undergo Compton scattering with a target. If the
scattered X-rays are deteected at.30° relative to the incident X-rays, determine the Compton
shift at this angle. theenergy of the scattered X-rays, and the energy of the recoiling electron.

Data:
E, = 300 keV = 300000 eV = 300000 x 1.6 X 10712 =48 x 10714 1.8 = 307
AA=?,E =2,E, =?

Solution:

M=2,—, = m%c(l — cos0)

L P O PO - Ml OV,

(9.11x10-31)(3x108)

AL=3.25x10"13m =0.325pm



Hhc
U_AO

(6.63x10734)(3x10%)

-14 _
48x107* = %

Ao =414x1072m

A=A+ A

A'=414%x 10712+ 0.325 x 10712
A =446%x10"2m

/_ he
E' = =
; (6.63x1073%)(3x108)
=
4.46x10712
-14
E'=4.46x 1071 = 2250 = = 278 keV
E,= Ey—E'
E, = 300 —278
E, =22 keV

9. A photon with a wavelength of 6.0 X 1__0'12 m collides with an electron. After the collision
the photon wavelength is found to havebeen changed by exactly one (Compton Wavelength
is2.43 x 1072 m).

(i) What is the photon's wavelength after collision?
(ii) Through what angle-has been deflected in this collision?
(iii) What is thie angle for the electron after the collision?

(iv) What is the electron's kinetic energy, in eV, after collision?
Data:

A= 6.0% 1072m, Al =2.43 % 1072 m, (i) A, =
Solution:
(1)

AL=2,— A4

2.43x 10712 =2, — 6.0 x 10712



(i)

(iii)

@iv)

A, =8.4%10"2m

M=2,—2 = mioc(l — cosB)

—12 _ 6.63x10734
2.43x10 T (9.11x10731)(3x108)

(1 —cosB)

6 =90°

2
tan@ = =
A1

8.4x10712
6.0x10~12

tan® =

? = 54.4°

AE, = Efinai — Einitiai

he hc
RS
he he
ﬁEe:I_Z
AE, = h (1 1)
=nnc|———
€ ,11 32 5

— —-34 8
A, = (663 X 10793 % 109) (=

AE, = 9.47 x 10715 ]

9.47 x 10°15
AE, = —————5
1.6 x 1019

=)
8.4 x 10712

=5.9x 10* eV



10. Find the de Broglie wavelength of an electron in the ground state of hydrogen.
Data:

A=7n=1
Solution:

The de-Broglie wavelength (A) is given by the formula:

According to Bohr's model of the hydrogen atom, the angular momentum (L) of the electron in a
hydrogen atom is quantized and given by:

The angular momentum can also be expressed in terms of the radiirs((3) and linear momentum

(»):
L= (111)

Comparing equations (ii) and (iii) we get

h
mvr =n—
21
__nh
~ 2mrm
p=mv
nh nh
pom() = 2
2nrm/. anr
Putting value of p in equation.(i), we get
h . 2nr
A e =
2nr

The radius of ground state ground state is
sy = 529 %107 % m
h  2m(5.29 x 1029
nh 1
2nr

A1=3.324 x10%m = 3.3244

A=



11. Determine the minimum uncertainties in the positions of the following objects if their
speeds are known with a precision of 1.0 x 1073 m/s: (a) an electron and (b) a bowling ball
of mass 6.0 kg.

Data:

Av =10 x 10-3?, (@)Ax =?,(b)Ax =?,m;, = 6.0 kg,

Solution:
(a)
AP — mgﬂv = (911 X 10_31)(10 % 10—3) - 911 x 10_34 K
h
Ax.Ap = i
Ax.(9.11 x 10-34) = (663x107)
4
Ax =5.8cm
(b)
L\.p — mbAv = (6)(10 b4 10—3) - 6 x 10_3 fre
Ax.Ap> L
4
Ax. (6% 107%) = (S22

4

Ax=8.8x10"3m



UNIT 26: ATOMIC PHYSICS
MCQ'S
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Section (B): CRQs (Short Answered Questions):

1. Why do different elements have different spectra?

Ans) Different elements have different spectra because each element-has a unique electronic
structure. The arrangement of electrons in distinct energy levels (or otbitals) around the nucleus
varies between elements. When electrons absorb or emit energy; they transition between these
energy levels, and the energy differences correspond to specific *wavelengths of light. These
transitions produce unique sets of spectral lines for each element, known as its atomic spectrum,
which serves as a fingerprint to identify the element.

2. In the Bohr model, how many times larger is the radius of the fifth Bohr orbit compared
to that of the first Bohr orbit?

Ans) In the Bohr model, the radius of an eléetron's orbit is proportional to the square of the
principal quantum number n, The formula forthe radius of the n — th orbit is:

[ T
Where
e 1 is the radius of thic fisst Bohr orbit.
For the fifth ort;it (n ='5) compared to the first orbit (n = 1):
s = 555 =251

Thus, the radius of the fifth Bohr orbit is 25 times larger than that of the first Bohr orbit.



3. What is the difference between X-Rays and Gamma Rays?

Ans)
Property X-Rays Gamma Rays

Source Produced by electronic transitions in Produced by nuclear
atoms, typically due to the deceleration | reactions, including
of high-energy electrons or inner-shell radioactive decay, nuclear
electron transitions. fission, or fusion.

Energy Range Lower energy compared to gamma rays | Higher energy (typically
(typically 0.1 to 100 keV, though can greater than 100 keV and
extend higher). extending into MeV range).

Wavelength Longer wavelength (around Shorter wavelength (less than
10! to 10® meters). 107" meters).

Penetration Power | High penetration, but generally less than | Extremely high penetration
gamma rays. power due to higher energy.

4. Sate the properties of X-Rays, which makes it possible to detect cracks in bones.
Ans) The properties of X-rays that make it possible to detect cracks in bones are:

i.  Penetration Ability: X-rays can pass through soft tissues like skin and muscle, but are

absorbed more by denser materials such as bone, making bones visible in X-ray images.

ii.  Differential Absorption: Bones, being denser than surrounding tissues, absorb more X-
rays, creating a contrast that makes crucks or fractures in the bones visible.

iii.  Short Wavelength: The short wavelength of X-rays allows them to resolve fine details,
including small fractures or cracks in bones.

iv.  lonizing Radiation: X-rays interact with matter by ionizing atoms, which contributes to
creating a clear image of internal structures based on how much radiation is absorbed by
different tissues.

5. What is the energy of a photon that, when absorbed by a hydrogen atom, could cause an
electronic transition from (a) the n=3 state to the n=5 state and (b) the n = 5 state to the n =
8 state?

Ans)

(a) Transition fromn =3 ton = 5:

13.6
En=—m
13.6
3="37 = =1.511 eV
13.6
- = —0.544 eV



AE = Efinal — Enitia
AE = —0.544 + 1.511
AE = 0.967 eV

(b) Transition fromn = 5 ton = 8:

Ey= ——2 = _02125 eV
AE = Efinat = Emitiat
AE = —0.2125 + 0.544

AE =0.3315 eV

6. What are the (a) wavelength range and (b) frequiency range of the Lyman series and the
Balmer series?

Ans)
(a) Wavelength Range:

i.  Lyman Series: In the Lymanseries, electrons transition to the n = 1 energy level from
higher levels n > 1
1 1
7= Ru(1-33)
Where:

e Ry = Rydberg constant = 1.097 x 10’ m™!
e n is the principal quantum number of the initial state.
e Shortest wavelength: Transition fromn = oto n=1
1 L
Amin = R, 1.097 x 107

e Longest wavelength: Transition fromn =2to n=1
1 1

RH(i—ziz) = (1.097x 107)(1—2%)

=91.2nm

=121.6nm

Amax =

Result: Therefore, the wavelength range for the Lyman series is approximately 91.2 nm to 121.6
nm.



1. Balmer Series: In the Balmer senes, electrons transiion to the n = 2 energy level from

higher levels n > 2.
1 1 1
2=z )

s Shortest wavelength: Transition fromn = ®wwon =2
dyin = —Fro= - = 64.6 nm

Aulzy)  (aoe7x 0%z

* Longest wavelength: Transition fromn = 3on =2
1

1
Fi = = = 6563 nm
s I 1 1 1
Ru(gr—z) (1097 x 107) (3 31)
Result: Therefore, the wavelength range for the Balmer series is appr ¥ 364.6 nm o 6563

ni.
7. Distinguish between spontancous and stimulated emission: (b'

Ans) ?\

Aspect Spontaneous Emission Stimulated Emission
Defimtion The process by which an excited process where an excited
electron randomly decays 1 aJower | electron is induced to decay wa
energy level, emitting a lower energy level by an incoming
without external infl photon, emitting an identical
o,
Photon Emission | Emission occiis y and Emission occurs when riggered by
independent]v, an incoming photon.

Photon The et has random The emitted photon is coherent
Properties phase. di , and polarization. with the incoming photon, sharing
Q. the same phase, direction, and
polanzation.
Coherence are incoherent, leading lo Photons are coherent, producing
uncomelated lighe correlated and amplifiable light

K. Explain why population inversion is necessary in o laser?

Ans)

Dominance of Stimulated Emission: Populstion inversion ensures that the majority of
atoms or molecules are in an excited stste, making stimulsted emission more likely than
absorption.

Amplification of Light: With more excited atoms, each incoming photon can stimulaie the
emission of additional photons, resulting i coberent and amplified light.



Laser Action: Without population inversion, the process of light ampurication would not occur,
as absorption would dominate over stimulated emission, preventing the laser from functioning.

9. In an optically pumped laser, the light that causes optical pumping is always shorter in
wavelength than the laser beam. Explain

Ans) In an optically pumped laser, the light used for optical pumping has a shorter wavelength
(and therefore higher energy) than the emitted laser beam because the pumping light must provide
enough energy to excite electrons from a lower energy level to a higher energy state.

This energy difference between the ground state and the excited state must be greater than or equal
to the energy of the emitted laser light. After reaching the excited state, the electrons undergo
stimulated emission, releasing photons with a longer wavelength (lower energy) corresponding to
the energy difference between two specific energy levels in the laser medium.

Thus, the pumping light has higher energy to achieve population inversion, while the laser beam
corresponds to the lower energy transition between specific laser states.

10. A hydrogen atom is in its first excited state (n=2). Calculate (a) the kinetic energy of the
electron, (b) the potential energy of the system, and (c) the total energy of the system.

Ans)
13.6
@ K=-E=—+
13.6
K = 2_2
K= 3.4eV

®  U=2E=2(-=)

U= —-6.8¢V

(c)
Total Energy K+U
Total Energy = 3.4+ (—6.8)

Total Energy = —3.4eV



Section (C): ERQs (Long Answered Questions):

1. What are the postulates of Bohr's Model of hydrogen atom? Discuss the importance of this
model to explain various series of line spectra in hydrogen atom. Do any of the assumptions
of the Bohr's theory of hydrogen atom contradict with the classical Physics? Derive the
expression for total energy of electron in nth Bohr orbit and show that En « 1/n?.

Ans) Bohr's Model and its Postulates: In 1913, Niels Bohr introduced atomic model in
order to give quantitative determination of frequency emitted during de-excitation of an electron
in Hydrogen atom.

The following are the postulates of Bohr

Postulates I: The electron in a hydrogen atom orbits the nucleus has

mxv? q1%q;
Bea———=l= kK=
c r e r2

Postulates II: The magnitude of the angular momentum L of the/electron in its orbit is equal to

the integral multiple Of% Le.,

h
L=n—n=1234>..
2m :

Where h is called Plank’s constant and n is positivg integer (quantum number).

Postulates III: Only certain orbits are stable in which electrons are revolvin g and these orbits are
called stationary states. The atom emits radiation (photon) when the electron makes a transition
from a higher energy state (Ey) to the Jower energy state (Ep).

hv = E; — E;
where v is the frequency of émitted photon.

Importance to explain various series of line spectra: Its importance lies in how it
successfully explains the discrete spectral lines observed in hydrogen's emission spectrum,
something classical physics struggled to account for. Here’s a breakdown of its significance:

e Quantization of Energy Levels: Bohr's model postulates that electrons in a hydrogen
atom can only occupy certain allowed orbits or energy levels around the nucleus. Each of
these orbits corresponds to a specific quantized energy level, meaning that the electron can
only exist in these fixed energy states and cannot exist in between them. This quantization
directly explains why only specific wavelengths (or spectral lines) are observed, rather than
a continuous spectrum.

o Explanation of Line Spectra: The model explains that when an electron transitions
between these quantized energy levels, it absorbs or emits energy in the form of photons.
The energy difference between the initial and final states corresponds to the energy (and



therefore wavelength) of the emitted or absorbed light. This concept explains why
hydrogen’s emission spectrum consists of distinct lines rather than a broad spectrum.
The Rydberg Formula and Spectral Series: Bohr’s model also provided a theoretical
foundation for the empirical Rydberg formula, which describes the wavelengths of the
spectral lines of hydrogen. The model predicts the wavelengths of light in different spectral
series, including:
e Lyman Series: Electron transitions from higher energy levels to the ground state
(n=1), resulting in ultraviolet radiation.
e Balmer Series: Transitions to the n=2 energy level, responsible for visible light.
e Paschen, Brackett, Pfund Series: Transitions to levels (n=3, 4, 5, etc.), producing
infrared radiation.
Success in Explaining Hydrogen Spectrum: Bohr's model was particularly successful in
explaining the hydrogen atom’s spectrum, especially the visible Balmer series. It could
accurately calculate the wavelengths of these lines, matching/€xperimental data. This
success validated the concept of quantized energy levels and ldid thé foundation for further
developments in quantum theory. '

Contradiction between Bohr's Theory and Classical Physics:

i.

ii.

iii.

iv.

Quantization of Angular Momentum:
e Bohr's Assumption: Electrons “occupy «specific orbits with quantized angular

momentum (L=n#).
e (lassical Physics: Angular momientum is continuous, not quantized.
Stationary Orbits:

e Bohr's Assumption: Elegtrons'in quantized orbits do not radiate energy.
e (lassical Physics: Agceletating charges (like orbiting electrons) must radiate
energy, causing thetw to spiral into the nucleus.
Energy Quantization:
e Bohr's Assumption? Electrons have specific, discrete energy levels.
e Classictl Physics: Energy can take any continuous value, leading to a continuous
spectrum.
Stable Orbits Despite Acceleration:
e Bohr's Assumption: Electrons can remain in stable orbits indefinitely.
e (lassical Physics: Accelerating electrons should continuously lose energy and
collapse into the nucleus.
Energy Emission Only During Transitions:
e Bohr's Assumption: Energy is emitted/absorbed only during transitions between
energy levels.
e (lassical Physics: Electrons should emit radiation continuously while orbiting.



Derivation of Total Energy of Electron: The allowed energy levels and quantitative
values of the emission wavelengths of the hydrogen atom can be calculated from the postulate (III)
suggests the qualitative existence of a characteristic discrete emission spectrum and corresponding

absorption spectrum for hydrogen. The electron has kinetic energy (K = %mvz) and electric

potential energy (U =T %). The total energy will be

E=K+U

1 . ke?
E=-mV?——
2 (i

: ke? .. .
Putting the value of mV?2 = % from postulates I of Bohr’s atomic model.

3 ke? ke?
T 2r r
. ke?
2r
n2gp b
e fr = k —
mme? 4mre,

-G
' G 5 (nzgohz)
mme?

me* /1
s
8e,2h2 \n?

Putting numerical values of following in above equation

o e=16x10%¢
e h=6.63 x107%*Js
e m=91 x 1073 kg
e £ =885x 10712 (C?2/Nm?
_-136

= e
n nz

Since -13.6 is a constant so this equation shows that orbital energy of hydrogen is inversely
proportional to square of principle quantum number.

1
Enocn—z



2. How X-rays are produced? State the purpose of cooling fins in the X-ray tube.

Ans) Production of X-rays: X-rays as electromagnetic waves, but of much shorter
wavelength: about 0.1nm to 10nm. They are produced when fast electrons, or cathode rays, strike
a target, such as the walls or anode of a low-pressure discharge tube. In a modern X-ray tube there
is no gas, or as little as high-vacuum technique can achieve, the pressure is about 10> mm Hg. The
electrons are provided by thermionic emission from a white-hot tungsten filament.

@Hth@—
Electron Beam
Tungsten Target
oM 1 _
® : Fans
2, —>
©C F 3=
B
/ foormnny A '
v TungstcneM Vacu J ' \ ‘
— Filament =, Oepper Cold Circulated
Rheostat Pipe Water
L.1. A JPip

X-rays
Fig: Pradltéﬁbn of X-Rays

In figure above is the filament and T ;i_svthe"target, or anode. Because there is so little gas, the
electrons on their way to the anode«-i,fﬁ- not lose any noticeable amount of their energy in ionizing
atoms From the a c supply, transfermers provide about 10 volts (L.T) for heating the filament, and
about 100 kV (HT) for accelesating the electrons. On the half cycles when the target is positive,
the electrons bombard it, ind-generate X-rays. On the half-cycles when the target is negative,
nothing happens at all there is too little gas in the tube for it to break down. Thus the tube acts, in
effect, as its own rectifier providing pulses of direct current between target and filament.

Purpose of Cooling Fins in the X-ray Tube: The heat generated at the target by the
electronic bombardment is so enormous that the target must be cooled artificially.

3. Explain why X-rays are appropriate in study of crystalline structure material? Write some
main properties of X-rays.

Ans) Reasons why X-rays appropriate in study of crystalline structure:

i.  Wavelength Compatibility: The wavelength of X-rays is on the order of 1 to 10
angstroms, which is comparable to the distance between atoms in a crystal. This allows X-
rays to effectively probe the atomic-scale structure of the material.



ii.

iii.

1v.

Diffraction Phenomenon: When X-rays hit a crystal, they are diffracted by the periodic
atomic planes within the crystal. The angles and intensities of the diffracted X-rays provide
information about the crystal's structure. This phenomenon is described by Bragg's Law,
which relates the wavelength of the X-rays to the angle of diffraction and the spacing
between atomic planes.

High Resolution: X-ray diffraction (XRD) can produce high-resolution data on the
positions of atoms in a crystal, the symmetry of the crystal lattice, and the dimensions of
the unit cell. This detailed information is crucial for understanding the material's properties
and behavior.

Non-Destructive: X-ray analysis is a non-destructive technique, meaning it can be used to
study samples without altering or damaging them. This is especially important for valuable
or sensitive materials.

Quantitative Data: X-ray diffraction provides quantitative information about the crystal
structure, such as lattice parameters, atomic positions, and the pri:sence of any structural
distortions or defects. ;

Properties of X-rays:

1.

1.

1il.

iv.

Electromagnetic Radiation: X-rays are a form of electromagnetic radiation with
wavelengths ranging from about 0.01 to 10 nanometers, which is shorter than ultraviolet
light but longer than gamma rays.

Penetrating Power: X-rays have high penetrating power, allowing them to pass through
various materials, including human tissue, which makes them useful in medical imaging
and industrial inspections.

High Energy: X-rays have high energy and can ionize atoms and molecules. This property
is used in medical imaging to visualize the internal structures of the body and in industrial
applications to inspect welds and materials for defects.

Absorption by Dense Materials: X-rays are absorbed more by dense materials (like bones
or metals) compared to less dense materials (like soft tissues). This difference in absorption
allows for confrast in X-ray images.

Wave-Particle Duality: X-rays exhibit both wave-like and particle-like properties. They
can be described as photons with energy, frequency, and wavelength, and they can also
behave like waves in diffraction experiments.



4. What is Laser? Write the characteristics of Laser light. Can a two-level system be used for
the production of Laser? Why?

Ans) LASER (Light Amplification by Stimulated Emission of Radiation): The
electromagnetic waves experienced in daily life, ranging from the sun, stars, incandescent and
fluorescent LLamps are emitted from atoms or molecules spontaneously.

e Ordinary natural and artificial, light is released by energy changes on the atomic and
molecular level that occur without any outside interference.

e A second type of light exists, when an atom or molecule retains its excess energy until
stimulated or induced to emit the energy in the form of light.

“Lasers are designed to produce and amplify this stimulated form of light into intense and
focused beams. Compared to conventional sources of ordinary light, the light from a laser is quite
intense, monochromatic, and emited in a unidirectional beam limited by diffraction.”

The special nature of laser light has made laser technology a yital tdol\in nearly every aspect of
everyday life including communications, entertainment, manufactiring, and medicine.

Characteristics of Laser light: Laser light has ,sevéral distinct characteristics that
differentiate it from ordinary light sources. These charaetegistics include:

i.  Monochromaticity: Laser light is typically monechromatic, meaning it consists of a single
wavelength or color. Unlike ordinarys light, which contains a broad spectrum of
wavelengths, laser light is nearly purciin its color.

ii.  Coherence: Laser light is highly coherent, both spatially and temporally. This means that
the light waves are in phase overdsignificant distance (spatial coherence) and remain in
phase over time (temporal ceherence), allowing the light to be tightly focused or travel
over long distances without Significant divergence.

iii.  Directionality: Laser light is emitted in a very narrow beam with minimal spread. It is
highly directional, unlike regular light sources that emit light in all directions. This makes
lasers ideal for: appﬁcations that require precise targeting or long-distance transmission.

iv.  High Intensity:"Because laser light is concentrated into a small area, it can achieve very
high intensities compared to ordinary light sources. This characteristic makes lasers useful
in applications requiring high energy, such as cutting, welding, and medical surgeries.

v. Polarization: Laser light can be polarized, meaning its electric and magnetic fields
oscillate in a particular direction. Polarized laser light can be advantageous in various
optical applications, such as in microscopy or optical communication.

Usage of Two-level System for the production of Laser: No, a two-level system cannot
be used for the production of a laser. Here's why:

For laser production, a key requirement is population inversion—a condition where more electrons
are in an excited state than in the ground state. In a two-level system, it is extremely difficult, if
not impossible, to achieve population inversion due to the following reasons:



ii.

iil.

Equal Probability of Absorption and Emission: In a two-level system, when atoms are
excited from the ground state to a higher energy level by absorbing photons, there is an
equal probability of spontaneous emission or stimulated emission back to the ground state.
As aresult, it is difficult to get more atoms in the excited state than in the ground state.
Thermal Equilibrium: According to Boltzmann distribution, in thermal equilibrium,
there are always more atoms in the ground state than in the excited state in a two-level
system. To generate laser light, you need to break this equilibrium, but in a two-level
system, this is not feasible.

Decay to Ground State: In a two-level system, excited electrons quickly decay back to
the ground state through spontaneous emission. Since the electrons can’t be held in the
excited state long enough to create the necessary population inversion, sustained lasing
cannot occur.

5. What is pumping? What are the different methods of pumping? Explain optical pumping.

Pllmping: Pumping refers to the process of supplying energy to the/etive medium (the material
inside the laser) in order to excite electrons from a lower energ}" Stgté:toa higher energy state. The
goal of pumping is to achieve population inversion, where mgre.atoms or molecules are in the
excited state than in the ground state. This population inyersion is essential for the stimulated
emission of light, which is the basis of laser action.

Different Methods of Pumping in Lasers:

i

Optical pumping: Opticat piniping is one of the most common methods used to
achieve population inversion ip“laser systems, especially in solid-state lasers and dye
lasers. In this method. light fromvan external source is used to excite electrons in the
active medium to‘higher eniergy states. The light source typically emits photons that are
absorbed by the atoms brions of the active medium, causing a transition to an excited
state. '

Key Elements of Optical Pumping:

i.. PumpLight Source:

¢ The light source used for optical pumping can be a flashlamp, arc lamp,
LED, or even another laser. These sources are chosen based on the
energy levels and absorption spectrum of the active medium.

e The pump light must have a frequency (or wavelength) that matches the
energy difference between the ground state and an excited state of the
active medium, ensuring that the medium can absorb the photons
efficiently.

ii. Active Medium:

e The active medium is the material inside the laser where the light-matter
interaction occurs. For optical pumping, this medium can be a solid,
such as a crystal (like ruby or Nd), or a liquid, such as a dye solution.



o The atoms, ions, or molecules in the active medium must have distinct
energy levels, and the medium should be able to absorb the incoming
light to excite electrons.

ili. ~ Absorption and Excitation:

e The process begins when the pump light is absorbed by the atoms or
ions in the active medium, causing their electrons to move from the
ground state (lower energy level) to an excited state (higher energy
level). This is a non-lasing transition.

e In most cases, the excited state is not the upper laser level but an even
higher energy state. The electrons then rapidly decay to the upper laser
level, from where the laser transition occurs.

iv.  Decay and Population Inversion:

e Once the electrons are in the upper laser level. they are relatively stable
for a certain period (depending on the medium). If enough electrons
accumulate in this upper level, population inversion is achieved, which
is necessary for stimulated emission and laser action.

e The electrons eventually decay from the upper laser level to a lower
energy level (usually a metastable state), releasing photons that
contribute to the laser beam through stimulated emission.

Application of Optical Pumping:

e Ruby Laser: One of the earliest lasers, the ruby laser, uses a cylindrical ruby
rod as the active medium and a flashlamp as the optical pump source.

e Nd Laser: The Nd laser uses a neodymium-doped yttrium aluminum garnet
(YAG) crystal as the active medium. In this case, a flashlamp or diode laser is
often used as the optical pumping source.

e Dye Lasers: In dye lasers, a solution of organic dye molecules is used as the
active medium. Optical pumping is usually performed by a flashlamp or another

. laser.

il Electrical Pumping:

e Description: In electrical pumping, an electric current is passed through the
active medium to excite electrons. This method is particularly effective in gases
and semiconductors.

e Application: Electrical pumping is used in gas lasers (e.g., Helium-Neon (He-
Ne) lasers) and semiconductor lasers (e.g., diode lasers). For instance, in gas
lasers, a high voltage is applied across the gas, causing electrons to collide with
the gas atoms and excite them.

iii. Chemical Pumping:

e Description: In chemical pumping, a chemical reaction provides the energy
needed to excite the atoms or molecules in the active medium. The energy
released from exothermic chemical reactions drives the population inversion.



e Application: This method is typically used in chemical lasers, such as the
hydrogen fluoride (HF) laser or deuterium fluoride (DF) laser, where a chemical
reaction directly excites the laser medium.

iv. Direct Pumping by Electron Beams:

e Description: An electron beam is used to excite the atoms or molecules in the
active medium. The high-energy electrons collide with the atoms, transferring
energy and causing excitation.

e Application: This method is often used in excimer lasers, where electron beams
ionize the active medium (such as a halogen gas mixture) and create excited
states, leading to laser action.

V. Radiofrequency (RF) or Microwave Pumping:

e Description: In RF or microwave pumping, radiofrequency or microwave
energy is used to excite the gas atoms. The RF or microwave energy ionizes the
gas, leading to collisions that excite atoms into highcptnergy states.

e Application: This method is used in gas lasers, stthas the CO: laser, where
radiofrequency or microwave energy can effi¢iently generate the necessary
population inversion.

6. What is the principle of Laser? Write the construction.and working of Helium-neon laser.

Ans) Principle of Laser: A laser works on the principle of stimulated emission, where photons
trigger excited atoms to emit identical photonsy amplifying light. This requires population
inversion, and mirrors in the laser cavity help'pfoduce a coherent, monochromatic, and directional
beam.

Helium-neon Laser/He-Ne Gas Laser:
Helium-neon Laser Constructiony The helium-neon laser consists of three essential components:

e Pump Source (high ¥oltage power supply): The pump energy of the laser is provided by
an electrical diseharge of several hundred Volts between an anode and cathode at each end
of the glass tubegA current of 5 to 100 mA is typical for laser operation.

e Gain Medium (laser glass tube or discharge glass tube): Figure below shows a gas
discharge tube contains a low- pressure mixture of helium-neon in a ratio between 5:1 and
20:1 bound in a glass tube. The partial pressure of helium is 1 mbar whereas that of neon
1s 0.1 mbar.

e Resonating Cavity: The glass tube (containing a mixture of helium and neon gas) is placed
between two parallel mirrors. These two mirrors are silvered or optically coated. Each
mirror is silvered differently. The left side mirror is partially silvered and is known as
output coupler whereas the right side mirror is fully silvered and is known as the high
reflector or fully reflecting mirror. The fully silvered mirror will completely reflect the
light whereas the partially silvered mirror will reflect most part of the light but allows some
part of the light to produce the laser beam.



Laser Operation: This electrical excitation raises the helium atom into a meta-stable state with
energy 20.61 eV above the ground state. Neon has a meta-stable state with energy 20.66 eV above
its ground state. Collision of the excited helium atoms with the ground-state neon atoms results in
transfer of energy to the neon atoms, exciting neon electrons. The difference between the energy
states of the two atoms is in the order of 0.05 eV, which is supplied by kinetic energy. The number
of neon atoms in the excited states builds up as further collisions between helium and neon atoms
occur, causing a population inversion. Spontaneous and stimulated emission results in emission of
632.82 nm wavelength light.

7. Give some important properties of lasers. Also write the uses of lasers in the field of
medicine, defense and communication.

Properties of Laser light: Laser light has several distinct properties that differentiate it from
ordinary light sources. These characteristics include:

e Monochromaticity: Laser light is typically monochromatic, meaning it consists of a single
wavelength or color. Unlike ordinary light, which contains a broad spectrum of
wavelengths, laser light is nearly pure in its color.

e Coherence: Laser light is highly coherent, both spatially and temporally. This means that
the light waves are in phase over a significant distance (spatial coherence) and remain in
phase over time (temporal coherence), allowing the light to be tightly focused or travel
over long distances without significunt divergence.

¢ Directionality: Laser light is emitted in a very narrow beam with minimal spread. It is
highly directional, unlike regular light sources that emit light in all directions. This makes
lasers ideal for applications that require precise targeting or long-distance transmission.

e High Intensity: Because laser light is concentrated into a small area, it can achieve very
high intensities compared to ordinary light sources. This characteristic makes lasers useful
in applications requiring high energy, such as cutting, welding, and medical surgeries.

e Polarization:” Laser light can be polarized, meaning its electric and magnetic fields
oscillate in a particular direction. Polarized laser light can be advantageous in various
optical applications, such as in microscopy or optical communication.

Uses of Lasers: Lasers are widely used in many fields some of them are

i. Communication:
e [asers are used in Barcode scanners to convert a printed barcode into a number.
e A semiconductor laser beam helps to convert the printed pattern of data into
numbers in a CD/DVD.
e In Photonics, lasers are used in fibre optic cables.
ii. Defence:
e In defence field, the military employs laser-guided guns and missiles.
e [Laser range-finders use high-resolution scanning to find the distance and speed
from an object that is located beyond the point-blank range.



ili. Medicine:
e In medicine, the laser beam is used as part of phototherapy for many procedures.
e The development of laser technology in recent decades has enabled the creation of
a new field of medicine laser surgery.
e [asers have uses in dermatology, ophthalmology, urology, rheumatology and
dentistry.

g : o 11
8. What is wave number? Derive the expression o Ry (E - ;) .

Ans) Wave number: The wave number of a photon is the number of wave cycles per unit
distance and is related to the wavelength of the photon. It is commonly used in spectroscopy and
is defined as:

1
7 ==

Where;

e ¥ is the wave number (in cm ™1, or other reciprocal lengtunits),
e 1is the wavelength of the photon (in cm, m, etc.)

The wave number is directly proportional to the energwv Of the photon. Using Planck’s relation for
energy E = hv (where h is Planck's constant and' v is the frequency of the photon), and the

relationship between frequency and wavelen gth QO % where c is the speed of light), we can also

express the energy of a photon in terms of its wave number:
P = hc¥

Thus, the wave number gives a medsure of the energy of the photon in terms of inverse wavelength.

- 1 N/ 1
Derivation of 2 = R H -P—Z— n_z) : The electron in a hydrogen atom can jump between
quantized energy level§ by emitting or absorbing Photon for some different values of wavelengths.
Any such wavelength is‘often called a line spectrum which can be absorption or emission lines.
The lines for hydrogen are said to be grouped into series, according to the level at which upward
jumps start and downward jumps end. The formula for these series corresponding to the different

wavelengths can be obtained from equation.

- me* ( 1 )
= T Be,2h2 \n?

The frequency of the photon emitted when the electron makes a transition from an orbit to an inner
orbit as stated in postulate —III of Bohr’s atomic model.

V= 7



Putting the values of E in above equation, we get

me* ( 1 1 )
Vi =
8g92h3\P2 n?
To express above equation in terms of wavelength, it is convenient to use ¢ = vA.
1 me* ( 1 1)
A~ 8cgy2h3\P2 n?

m

4
2 =1.097 x 107 m™1, is called Rydberg constant.

8202h3
i 1 1
7= R 72)

The possible series associated the different wavelengths can be explained from equation above.

Where Ry =

9. Derive the expression for Bohr's radius and develop a general relation for radii of quantized
orbits of hydrogen atom.

Bohr's radius: The electron revolving around the nucleus is in uniform circular motion and thus
experiences a centripetal force. Here centripetal force is provided by electrostatic force between
electron and proton.

kqiqz
r2

where v is the speed of electron. The magnitude of electrostatic force (P;. = ) between the

electron (q; = e) and the proton (qle) separated by the orbital radius r is given as.

Where k = 9.0 x 107 Nm?/(C? is called Coulomb's constant.

The electron can only. move in a particular orbit if the above two forces are balanced each other.
Comparing equation (i) and (ii)

From Bohr's postulate-1I,

L=mVr=n—
mvr TIZTI

nh
2mmr

Substituting the value of V =



Where

1
- 4rreg

h=663 x 10734 s
m=9.1 x 1073 kg
g, =885 x 10~ C%/Nm?

n2£0h2
"~ mme?
80h2
Tﬂ ==
mme = "-'3'-5_'
=g

where 7y = 5.29 x 10~ m = 0.53 A is called Bohr's first orbil

As the values of is depending only on the principle qus 'mtum nwnber n. Therefore, the radii have
the quantized values as shown in figure below. N

r = rn?

Fig: Quantized radii for hydrogen atom



Section (D): Numerical:

1. Calculate the energy of an electron in the n = 2 orbit of a hydrogen atom according to the
Bohr model.

Data:
Bs md = 2
Solution:
Ey=——y
Ey=——F

E,=-3.4eV=-34x1602x10"1°=5447 x10°19]

2. Calculate the speed of the electron if it orbits in (a) the smallest allowed orbit and (b) the
second smallest orbit? (c)If the electron moves to larger orbits, does its speed increase,
decrease, or stay the same?

Data:

(@, =2 (b)v, =7,

(c)What happens to the speed if the electron moves to larger orbits?
Solution:

(a) The Coulomb force between the electron and the proton provides the centripetal force that
keeps the electron in circular orbit about the proton:

ke?  m.v,’

2 o
The smallest orbital radius is 7; = 52.9 X 10~*2m. The corresponding speed of the electron is
obtained as follows:

ke?

MeTy

vl=

ak=9%x10%e=16x%10"1"m, =9.11 x 10~31 kg

o (9%109)(1.6x10-19)2
17 (9.11x10-31)(52.9x10~12)

v =2.19x10°m/s



(b) The radius of the second smallest orbit is 1, = n?r; = (2)%(52.9 x 1071?)
=2116 X 1071%m

ke?
MmeTa

1722

_ (9%109)(1.6X10719)2
27 \J(9.11x10731)(2.116x10-10)

v, =1.09 X 10°m/s
i ¥
(c) Since the speed is inversely proportional to 7z, the speed of the electron will decrease if it
moves to larger orbits.

3. What are the (a) energy, (b) magnitude of the momentum, and (¢) wavelength of the photon
emitted when a hydrogen atom undergoes a transition from a state with n = 3 to a state with
n=1?

Data:
(0) E=2, () p=7(c)d=7T=Ln;=3
Solution:

(a)

AE = -136 (i— =)

n32 n12

1 1°
AB—=—138 (3—2 » F)
AE =12.1eV

(b)

p=—

[
we = 3% 10%m/s

_ 12.1x1.602x1071°
- 3x108

p=6.46 x10727 N.s



(©
=R o)

L (L .t
2= (1.097 x 10 )(12 32)
A=102nm

4. What is the energy of the photon emitted by hydrogen atom when the hydrogen atom
changes directly from the n = 5 state to the n = 2 state?

Data:
ﬂE =?,n5 = 5,?12 = 2
Solution:

AE = —13.6 (i e i)

ng2 ny2

AE =—13.6 (Siz ® Ziz)
AE = 2.85 eV

5. How much work must be done to pull apart the electron and the proton that make up the
hydrogen atom if the atom is initially in (a).its'ground state and (b) the state with n=3?

Data:

Work done for ground state =7, Work done for state (whenn = 3) =?

Solution:
E, = _’1!:3;5
E, = —13.6¢V

Hence, the value of work done to pull apart the electron and the proton when the atom is
initially in its ground state is 13. 6 eV.

E3= -

E, = —151eV

Hence, the value of work done to pull apart the electron and the proton when the atom is
initially in its state when n=3 is 1.51 eV.



6. (a) What is the wavelength of light for the least energetic photon emitted in the Balmer
series of the hydrogen atom spectrum lines?

(b) What is the wavelength of the series limit?
Data:
(a) Wavelength of light for the least energetic photon emitted in the Balmer
series =7
(b)Wavelength of the series limit =?

Solution:

(a)

= 1.097 x 107 (2%‘ 312)

-

1

A=656.333nm
(b)

1 1 1
=)
yl H Ngs M2

1 -1.097 x 107 (ziz - —1—)

y o2
A=364.63nm

7. A laser emits light with 4 wavelength of 632.8 nm and has a power output of 55 mW.
Calculate the energy of one photon emitted by this laser.

Data:
1=6328nm =6328x%x10"°m,P = 55mW,AE =?

Solution:

hc
AE_T

2h =663 % 1073 s,c=3 x10%m/s

6.63 x10734)(3%x10%)
632.8%107°

AE =3.14 x 10719

AE =




8. Calculate the wavelength of X-rays if the energy of one photon emitted by the X-ray
machine is 1. 9878 x 10~5 joules.

Data:
A=7,AE = 1.9878 x 10715 ]
Solution:

hc
AE_T

5h=6.63 X1073s,c=3 x108m/s

6.63 x1073*)(3x10%)
1

1.9878 x 10-15 =

A=1x10""m =0.1nm



UNIT 27: NUCLEAR PHYSICS
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Section (B): CRQs(Short Answered Questions):

1. Why are protons and neutrons necessary for the stability of an atomic nucleus?

Ans) Protons and neutrons are both necessary for the stability of an atomic nucleus. Protons
contribute positive charge, and while they experience repulsive electrostatic forces, they also
engage in the strong nuclear force that binds the nucleus together. Neutrons, on the other hand,
contribute only to the strong nuclear force without adding repulsive charge, helping to balance the
forces and maintain nuclear stability. Both particles work together to ensure the nucleus remains
stable against the forces that would otherwise cause it to break apart.




2. How do isotopes of an element differ and why are these differences significant?

Ans) Difference: Isotopes of an element differ in the number of neutrons in their nuclei, while
having the same number of protons and electrons. This results in different atomic masses but
identical chemical properties, since chemical behavior is determined by the number of protons and
electrons, not neutrons.

Significant: The differences in neutron count affect nuclear stability, leading to some isotopes
being stable and others radioactive. These differences are significant because radioactive isotopes
have important applications in fields like medical imaging, cancer treatment, carbon dating, and
nuclear energy. Stable isotopes, meanwhile, help in understanding elemental behavior.

3. Name the two methods of controlling a chain reaction.

Ans) The two methods of controlling a chain reaction are:

1. Control Rods
1. Moderators

4. Why is nuclear decay described as spontaneous and random?

Ans) Nuclear decay is described as spontaneous because it occurs without any external influence
or trigger; the nucleus of an unstable atom breaks down on its own. It is considered random because
it is impossible to predict exactly when a particular atom will decay. While the overall decay rate
of a large sample can be calculated statistically (via half-life), the decay of individual atoms
happens unpredictably.

5. Explain what happens during the nuclear fusion process.

Ans) Nuclear Fusion Process: The process of combining two light nuclei to form a heavy
nucleus with the releasc of huge amount of energy due to mass defect is known as nuclear fusion.

This mass defect results in the release of a huge amount of energy according to the relation E =
mc?. When two nuclei of heavy hydrogen or deuterium (2H) are combined, the following reaction
is possible:

H+ H - 3H + 2H + 4MeV

figure below shows the nucleus of tritium (3H) so formed can again fuse with a deuterium nucleus
(2H) to give the following reaction

H+3%H - 1H+ {n + 17.6 MeV



H3 He‘

tritium helium

N

Fusion
oy J
I_I2 neutron

deuterium
Fig: Process of nuclear fusion

The net result of these two nuclear reactions is that three deulérium;@H ) nuclei fuse together to
form a helum nucleus (3He) and a neutron with the release of 21:6.MeV (4 0 + 17.6 = 21.6 MeV).
This energy of 21.6 MeV is obtained in the form of kineti¢ energy of proton (1H) and a neutron
on. ;

Note that energy released in the fusion reaction is«21.6"MeV which is very much less than the
energy of about 200 MeV released in the fission.of 23°U nucleus. But this does not mean that
fusion is a weaker energy source than fissi_on.f'-'l_;he sun and other stars are very hot so nuclei are
moving fast enough for fusion to take place and the energy released keeps the temperature high so
that further fusion reactions can occur./But'en earth, such high temperatures are not attained in a
controlled manner. However, the tem'pg_i'ature produced by a fission bomb (atom bomb) is close to
108 K. Therefore, fission bomb L‘mbe used to cause the fusion process.

6. How are activity and deqhy.éﬂhstant related in radioactive materials?

Ans) Activity (A): éQmeﬁmes we are more interested in the decay rate A (4 = — i—}:) than in N
itself. The activity A of a radioactive sample is the number of disintegrations (decays) occurring

per unit of time.

If a radioactive sample contains N atoms at any time t, then its activity at time t is given as

AN

A=

where negative sign shows that activity decreases with time. According to law of radioactive decay

AN

- W



Therefore,

A= AN
Since N = Nye=W¥
A= ANje™¥
Putting Ay = ANy. in above equation, we get
A= Age~M

The equation A = AN and A = A e are alternative forms of the law of mdioactive decay.
7. What is meant by binding energy and binding encrgy per nucleon?

Ans) Binding Energy: Binding Encrgy is the encrgy required o part the nucleus of an
atom into its constituent protons and neutrons as shown in figure. Q}

SN
5.

Separated nucleans
(greater mass)
Fig: hdl@dmluﬂﬂufﬂm
Binding Energy Per N mﬂumnmmﬂmnhnmmnfthmﬂliwnh
nucleus and is defined as the of energy required to disassemble a nucleus into its individual
nucleons (protons and divided by the toial number of nucleons. I reflects how tighily

bound the nucleons we within the nucleus.
Mathematically, it is expressed as:

Total Binding Energy
Number of Nucleons

A higher binding energy per nucleon indicales a more stable nucleus, Typically, this value
increases with the size of the nucleus up 1o iron and nickel, after which it docreases for heavier
clements.

Binding Energy per Nucleon =




8. Why is the concept of half-life important in studying radioactive substances?

Ans) Half-life helps in

1.
ii.

1i1.

1v.

Predicting Decay Rates: Measuring the rate at which a radioactive material decays.
Dating: Estimating the age of archaeological and geological samples based on the
remaining quantity of radioactive isotopes.

Safety and Handling: Managing and planning for the safe storage, disposal, and use of
radioactive materials.

Nuclear Medicine: Determining the appropriate timing for medical treatments and
diagnostic procedures that use radioactive isotopes.

9. Explain the process of positron emission.

Ans) Positron emission, also known as beta plus (8*) decay, is a type of radioactive decay where
a proton in the nucleus of an atom is converted into a neutron. The proces$iinvolves the following

steps:

1

ii.

1il.

Proton Conversion: A proton in the nucleus wanStorms into a neutron. This
transformation is accompanied by the emission of a positron and a neutrino.
The reaction can be represented as:
pon+ & mh

Where; |

e p represents the proton

e 1 represents the neutron

e [37 is the positron (the antimatter counterpart of the electron),

e v, is the neutrino (a nearfly’iiassless, chargeless particle).
Emission of Positron: The positron is emitted from the nucleus. Being the antimatter
counterpart of the electron, it has the same mass as an electron but a positive charge.
Neutrino Emission: A neutrino is also emitted to conserve lepton number and energy in
the decay process.

The result of positron“e€mission is that the atomic number of the element decreases by one,
converting the original element into a new element with one fewer proton but with the same mass
number (since a proton is replaced by a neutron). This process often occurs in proton-rich nuclei,
leading to a change in the element's identity while emitting energy.



Section (C): DRQs (Long Answered Questions):

1. What is radioactivity? State the law of radioactive disintegration. Show that radioactive
decay is exponential in nature.

Ans) Radioactivity: Radioactivity is the process by which an unstable atomic nucleus loses
energy by radiation.

Law of radioactive disintegration: The law of radioactive disintegration states that the rate
of decay of a radioactive sample at any instant is directly proportional to the number of atoms
present at that instant.

Radioactive Decay is Exponential in Nature: Radioactive decay is described as
exponential in nature because the rate of decay of a radioactive substance is proportional to the
number of undecayed atoms present at any given time. The mathematicalexpression for this can
be derived as follows: '

According to law of radioactive disintegration, the rate of decay 1§ proportional to the number of
undecayed atoms N (t) at time t:

dN(t)

" AN(t)
dv) A\

= AN @)

Where

e 1is the decay constant (a posifivevalue),
e The negative sign indicates hat the number of atoms decreases over time.

Integrating both sides

dN(t)
- =4 f N(t)

The result of the integration is:
In(N(t))=—-at+C
e  Where C is the integration constant.
At t = 0, let the initial number of undecayed atoms be N,, so
InNyg=C
Thus, the equation becomes:

In(N(t)) = — At + In N,



Rearranging this:

N(t)
ln( N, ) =—At

Exponentiating both sides:

Finally, multiply by N,to get:

N(t) o R
Ny
— =t
N(t) = Nye

This equation shows that radioactive decay is exponential in nature.

2. Explain the main differences between alpha, beta, and gamma emissions.

Ans) Main Differences Between Alpha, Beta, and Gamma Emissions:

i

iii.

Nature of the Particle/Emission:

Alpha (o) Emission: Involves the emission of an alpha particle, which consists of
2 protons and 2 neutrons (essentially a helium nucleus).

Beta (f8) Emission: Involves the’emission of a beta particle, which can be either an
electron (™) or a positron (8*) depending on the type of beta decay.

Gamma (y) Emission:* Involves the emission of high-energy photons
(electromagnetic radiation) and does not consist of particles, but pure energy.

Mass and Charge:

Alpha Emission: Alpha particles are relatively heavy (mass = 4 atomic mass units)
and positively charged (+2 charge).

Beta Emission: Beta particles (electrons or positrons) have a very small mass
(about 1/1836 of a proton) and carry a single negative (™) or positive (") charge.
Gamma Emission: Gamma rays are massless and electrically neutral (no charge).

Penetrating Power:

Alpha Emission: Low penetrating power; alpha particles can be stopped by a sheet
of paper or the outer layer of skin.

Beta Emission: Moderate penetrating power; beta particles can penetrate paper but
are stopped by materials like plastic or a few millimeters of aluminum.

Gamma Emission: High penetrating power; gamma rays can penetrate several
centimeters of lead or meters of concrete before being absorbed.



iv.  Ionizing Power:

Alpha Emission: High ionizing power; alpha particles can ionize atoms in a short
distance but lose energy quickly due to their large mass and charge.

Beta Emission: Moderate ionizing power; beta particles ionize atoms, but less
effectively than alpha particles due to their lower mass and charge.

Gamma Emission: Low ionizing power; gamma rays ionize atoms indirectly and
over long distances.

v. Effect on the Nucleus:

Alpha Emission: Reduces the mass number by 4 and the atomic number by 2,
transforming the original nucleus into a new element.

Beta Emission: Either increases (for f7) or decreases (for %) the atomic number
by 1, without changing the mass number. This transforms the nucleus into a
different element.

Gamma Emission: Does not change the atomic number or mass number. It simply
results from the nucleus releasing excess energv after undergomg alpha or beta
decay. :

vi. Speed:

[ ]

Alpha Emission: Alpha particles travel at relatmely slow speeds, typically 5-10%
of the speed of light.

Beta Emission: Beta particles tmvc_] at h_igher speeds, close to the speed of light
(up to 99%).

Gamma Emission: Gamma rays’ lzravel at the speed of light.

3. A fission reactor produces energy to drive a generator. Describe briefly how this energy is

produced.

Ans) Nuclear Reactor (Fission Reaction): A nuclear reactor is a device in which controlled
fission chain reaction‘takes place. A nuclear reactor is also known as nuclear pile or atomic pile.

Such a system ywas ﬁrs?-di‘-,‘h.i'e'\?ed.with uranium as the fuel in 1942 by Enrico Fermi. He used
uranium-235 isotope that releases energy through nuclear fission. The schematic diagram of
nuclear reactor is shown in figure below.

Containment ] - Turbine Generator

Fig: Schematic Diagram of Nuclear reactor



The following are the main components of the nuclear reactor:

Fissionable Substance: Nuclear reactors use fuel, typically enriched uranium or plutonium, to
sustain the fission chain reaction. The U-235 is fissionable, but uranium from ore typically contains
only about 0.7 percent of U-235, with the remaining 99.3 percent being the U-238 isotope. Because
uranium-238 tends to absorb neutrons, reactor fuels must be processed to increase the proportion
of U-235 so that the reaction can sustain itself. This process is called enrichment.

Moderator: The function of the moderator is to slow down the highly energetic neutrons produced
in the process of fission of U-235 to thermal energies. Heavy water (D,0), graphite, beryllium,
etc., are used as moderators. Ideally, moderators have low atomic weight and low absorption cross-
section for neutrons.

Control Rods: Control rods are made of materials like boron or cadmium that absorb neutrons,
regulating the rate of the fission chain reaction. By adjusting the position.of control rods within
the reactor core, operators can control the power output and maintain stability.

Coolant: Coolant circulates through the reactor core to transfer heat away from the fuel and other
reactor components. Common coolants include water, heavy water, or gases like helium or carbon
dioxide. The heated coolant then transfers its thermal energy 10 a secondary loop containing water,
which turns into steam. This steam drives turbines connected to generators, producing electricity.

Protective Shield: In a nuclear reactor, there are many types of harmful radiations emitted which
are dangerous for all living things. In. order to protect from these radiations, the reactor is
surrounded by a massive biological shield.

4. Define Q-value of a nuclear reaction and its significance.

Ans) Q-value of a nuclear reaction: The Q-value of a nuclear reaction is a measure of the
energy released or absorbed during the reaction. It is defined as the difference between the total
mass of the reactants and the total mass of the products, converted into energy using Einstein's
mass-energy equivalence principle (E =mc”).

Mathematically, the Q-value can be expressed as:
Q = (total mass of reactants — total mass of products) X c?
Where:
e cis the speed of light in a vacuum.
Significance of Q-value:

i.  Energy Release or Absorption: A positive Q-value indicates that the reaction releases
energy, making it exothermic. Conversely, a negative Q-value indicates that the
reaction requires energy input, making it endothermic.



ii.  Reaction Feasibility: The Q-value helps determine whether a nuclear reaction will
occur spontaneously. Reactions with a positive Q-value are more likely to occur
spontaneously under normal conditions.

iii.  Energy of Particles: In particle physics and nuclear engineering, the Q-value is crucial
for calculating the kinetic energy of the products. This information is essential for
understanding the dynamics of the reaction and the behavior of the resulting particles.

iv.  Design of Nuclear Reactors: For practical applications such as in nuclear reactors,
knowing the Q-value helps in the design and optimization of reactor performance,
including energy output and fuel consumption.

5. Describe the construction and working of GM counter.
Construction:

e The GM (Geiger Muller) counter consists of a hollow metallic chamber as shown in the
figure that acts as a cathode. '

e A thin wire anode is also placed along its axis. :

e The chamber has a sealed window, through which the fadiation enters the chamber.

e The chamber is filled with an inert gas at low pressure.

e There is a counter connected to this system to measure the radiation.

Working: The chamber is filled with an inert gas (helium, neon, or argon) at low pressure. A
high voltage is applied to this chamber. The melallic chamber will conduct electricity. When
radiation enters the chamber through the winddwjthe photons in the radiation will ionize the inert
gas inside the chamber. This will make~the gés conductive. The electrons produced due to
ionization are accelerated due to the potential that we applied and these electrons cause even more
ionization. The ionized electrons [ravel”tﬁwards the anode. The anode is connected to a counter.
The counter counts the elcctrons_réaé:h-in ¢ the anode. This is how we measure radiation.
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6. Discuss nuclear reactions induced by neutrons. Why are neutrons preferred to other
particles?

Ans) Nuclear reactions induced by neutrons: Nuclear reactions induced by neutrons are

Nuclear Fission: The splitting of a heavy nucleus (A>230) into two medium-mass nuclei in a
nuclear reaction with the release a huge amount of energy due to mass defect is called nuclear
fission. For example, when a uranium nucleus (U-235) is bombarded by a slow moving neutron
(called thermal neutron), the U-235 nucleus splits into two medium-mass nuclei with the release
of huge amount of energy as shown in figure below.

Fission
T fragment
}
9 Enargy — @ Neutrons
Neutron

.
- w?

s y
(Unstable)

Fission
fragment

Fig: Heavy nuclei splits into two light nu¢lides (nuclear fission process)

This fission reaction is give given below:

25U + in > BSU"* o "MBa+ 2Kr + 3in + 200MeV

Where on 235U represents that U-236 is in exgited state. Two things are worth noting in this fission

reaction. First, a huge amount of enetg¥.(about 200 MeV per U-235 nucleus) is released in the
process. M,

Secondly, on the average 2 te.3.néutrons are released in the process. The released neutrons can

further cause splitting of z'ﬁgU ruclei and lead to self-sustaining nuclear fission.

When nuclear fission takes place, it is found that the sum of the masses of fission products is very
slightly less than the sum of the masses of reactant products. As a result, there occurs a mass defect
(m) in nuclear fission. This mass defect is converted into energy according to the relation E =

mc?. The energy released in the above fission can be determined from the mass defect that occurs
in the process.

Total mass before fission:
mass of U-235 =235.043933 a.m.u
mass of neutron = 1.008665 a.m.u

sum of masses before fission = 236.052598 a.m.u



Total mass after fission:
mass of two fragments=232.812000 a mu
mass of 3 neutrons 3.025995 a.mu
sum of masses after fission 235.837995 a.m.u
Mass defect Am = 236.052598 - 235.837995 = 0.214603 a.m.u
Therefore, energy released per fission of U-235 = 0.214603 x 931.5 = 200 MeV

Nuclear Fusion Process: The process of combining two light nuclei to form a heavy nucleus with
the release of huge amount of energy due to mass defect is known as nuclear fusion.

This mass defect results in the release of a huge amount of energy according to the relation E =
mc?. When two nuclei of heavy hydrogen or deuterium (%H ) are combined, the following reaction
is possible: '

H+2H->3H+%H +4MeV.

figure below shows the nucleus of tritium (3H) so formed can agﬁih' fuse with a deuterium nucleus
2H) to give the following reaction

iH+1H - H + in + 17.6 MeV

o gy He'
tritium ' helium
A :A\ ‘

'_ Fusion,

HZ neutron

deuterium
Fig: Process of nuclear fusion

The net result of these two nuclear reactions is that three deuterium (2H) nuclei fuse together to
form a helum nucleus (%He) and a neutron with the release of 21.6 MeV (4 0+ 17.6 = 21.6 MeV).
This energy of 21.6 MeV is obtained in the form of kinetic energy of proton (}H) and a neutron
1

on.

Note that energy released in the fusion reaction is 21.6 MeV which is very much less than the
energy of about 200 MeV released in the fission of 233U nucleus. But this does not mean that
fusion is a weaker energy source than fission. The sun and other stars are very hot so nuclei are
moving fast enough for fusion to take place and the energy released keeps the temperature high so



that further fusion reactions can occur. But on earth, such high temperatures are not attained in a
controlled manner. However, the temperature produced by a fission bomb (atom bomb) is close to
108 K. Therefore, fission bomb can be used to cause the fusion process.

Preference of Neutrons Over Other Particles:

i.  Neutral Charge:

e Neutrons have no electric charge, which allows them to penetrate the positively
charged nucleus without experiencing Coulomb repulsion. Other particles, like
protons or alpha particles, face strong electrostatic repulsion when approaching the
nucleus, making it harder to induce nuclear reactions.

e Neutrons can penetrate deeper into the nucleus and have a higher probability of
interacting with nuclear matter.

ii. High Penetration Power:

e Due to their lack of charge, neutrons can penetrate through thick layers of material,
which makes them ideal for inducing reactions in materials that are otherwise
difficult to bombard with charged particles.

ili.  Fission Chain Reactions:

s In neutron-induced fission, the reaction releases additional neutrons, which can
further induce fission in neighboring nuclei. This leads to a self-sustaining chain
reaction, essential for both nuclear reactors and nuclear bombs.

e This is not possible with charged particles, which do not produce multiple particles
capable of continuing the reaction.

iv.  Lower Energy Requirement:

e Neutron-induced reactions tvpically require lower kinetic energy to initiate than
reactions with charged particles, which need to overcome electrostatic barriers.
This makes neutron sources more efficient for certain types of nuclear reactions.

v.  Versatility in Nuclear Reactions:

e Neutrons can induce a wide variety of nuclear reactions (e.g., capture, fission,
scattering) in a broad range of isotopes, making them highly versatile for
applications in reactor design, isotope production, and materials testing.

7. What is a nuclear reaction? Explain nuclear fission and fusion.

Ans) Nuclear Reactions: Any process that involves a change in the nucleus of an atom is
called a nuclear reaction. Mathematically,

X+x->Y+y+Q

where X is the target, x are the projectiles, y are the ejectiles and Y is called the residual(product)
nucleus.



Nuclear Fission: The splitting of a heavy nucleus (A>230) into two medium-mass nuclei in a
nuclear reaction with the release a huge amount of energy due to mass defect is called
nuclearfission. For example, when a uranium nucleus (U-235) is bombarded by a slow moving
neutron (called thermal neutron), the U-235 nucleus splits into two medium-mass nuclei with the
release of huge amount of energy as shown in figure below.

~ @

Energy — O Neutrons

- "
(Unstable)

Fig: Heavy nuclei splits into two light nuclides ( n::clcar.ﬁks__ibn process)
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This fission reaction is give given below:

23U + dn - 3BSU* - HBa + 2KF +'8in + 200MeV

Where on 2%%(] represents that U-236 is in excited state. Two things are worth noting in this fission
reaction. First, a huge amount of energy (about.200 MeV per U-235 nucleus) is released in the
process. 7

Secondly, on the average 2 to 3 neutronsgire released in the process. The released neutrons can
further cause splitting of 233U nuclei and’leid to self-sustaining nuclear fission.

When nuclear fission takes place, i is,found that the sum of the masses of fission products is very
slightly less than the sum of the ;t_fiasSes of reactant products. As a result, there occurs a mass defect
(m) in nuclear fission. This ‘mass'defect is converted into energy according to the relation E =
mc?. The energy released in.the above fission can be determined from the mass defect that occurs
in the process.

Total mass before fission:
mass of U-235 = 235.043933 a.m.u
mass of neutron = 1.008665 a.m.u

sum of masses before fission = 236.052598 a.m.u



Total mass after fission:
mass of two fragments=232.812000 a mu
mass of 3 neutrons 3.025995 a.mu
sum of masses after fission 235.837995 a.m.u
Mass defect Am = 236.052598 - 235.837995 = 0.214603 a.m.u
Therefore, energy released per fission of U-235 = 0.214603 x 931.5 = 200 MeV

Nuclear Fusion Process: The process of combining two light nuclei to form a heavy nucleus
with the release of huge amount of energy due to mass defect is known as nuclear fusion.

This mass defect results in the release of a huge amount of energy according to the relation E =
mc?. When two nuclei of heavy hydrogen or deuterium (2H) are comhineii,_the following reaction
is possible: \

IH+3H - 3H + 3H +4MeV

figure below shows the nucleus of tritium (?H ) so formed can age,_ﬁn' fuse with a deuterium nucleus
(fH ) to give the following reaction ;

H+2H - {11 + ju + 7.6 MeV

H" . h He‘
tritium L helium

3

‘o 9

HZ neutron

deuterium
Fig: Process of nuclear fusion

The net result of these two nuclear reactions is that three deuterium (2H) nuclei fuse together to
form a helum nucleus (5He) and a neutron with the release of 21.6 MeV (4 0 + 17.6 = 21.6 MeV).
This energy of 21.6 MeV is obtained in the form of kinetic energy of proton (}H) and a neutron
1

on.

Note that energy released in the fusion reaction is 21.6 MeV which is very much less than the
energy of about 200 MeV released in the fission of 233U nucleus. But this does not mean that
fusion is a weaker energy source than fission. The sun and other stars are very hot so nuclei are
moving fast enough for fusion to take place and the energy released keeps the temperature high so



that further fusion reactions can occur. But on earth, such high temperatures are not attained in a
controlled manner. However, the temperature produced by a fission bomb (atom bomb) is close to
10® K. Therefore, fission bomb can be used to cause the fusion process.

8. How do the Sun and stars produce energy? What is the proton-proton cycle? Explain with
details.

Ans) Nuclear Fusion in Sun and Stars: Every second, the sun fuses around 500 million
metric tons of hydrogen in its core. The core of the sun is incredibly hot, with temperatures
reaching about 20 million degrees Celsius, while its surface temperature is around 5 million
degrees Celsius.

The sun is a star which is primarily made up of hydrogen (about 75%), helium (about 25%), and
trace amounts of other elements. It produces energy through a process called nuclear fusion, where
hydrogen atoms combine to form helium atoms, releasing light and heal in the process.

The fusion in the sun can take place in two different reaction sequeﬁces, the most common of
which, the Proton-Proton (PP) Cycle and the other one is Carbon-Nitrogen-Oxygen (CNO) Cycle.

The Proton-Proton Cycle involves the fusion of protons (hydrogen nuclei) to form helium as shown
in figure below. Hans Bethe was the first to work out the detailed steps of the PP cycle in 1938.
The PP cycle is a very efficient way to generate energy in the Sun. In the p-p chain, two protons
first fuse to produce a deuterium nucleus which combines with another proton to yield3 He. Two
3 He nuclei fuse and form 5 He and two protons. These reactions can be represented by the
equations.

H+H-%H+%+v+Q
| IH4+2H 5 3He +y+0Q
SHe + 3He » 3He + 1H+ 1H+Q

The net Q value of the chain reactions is about 26 MeV.

‘H& r‘H ‘H% f‘H
T T
C°H f‘H ‘H.\ sz

Fig: Proton-proton cycle to form helium



The Carbon-Nitrogen-Oxygen (CNO) cycle was independently suggested by Carl von Weizsacker
and Hans Bethe in the late 1930s The CNO cycle is a series of nuclear fusion reactions that convert
hydrogen into helium as predicted in figure below, and it is the primary source of energy in stars
that are more than 1.3 times as massive as the Sun. This cycle uses carbon, nitrogen, and oxygen
as catalysts to convert hydrogen to helium.

ooy
173N —)166 +1ei + v,
sC+1H—- 3N +y
UN+IH-> 130 +y
130 > BN + et + v,
1N+ 1H - '2C + $He

In the CNO cycle, four protons fuse, using carbon, nitrogen and oxygen-isotopes as a catalyst, to
produce one alpha particle, two positrons and two electron neutrings; Coembining all the above
reactions, the net reaction for the CNO cycle comes out to be :

41H — $He + 28 + 20 + 26.7MeV

We see that the net energy release is nearly same for both eyeles.

Y GammaRay

V  Neutrino

Fig: The Carbon-Nitrogen-Oxygen (CNO) cycle



Section (D): Numerical:

1. In 9.0 days the number of radioactive nuclei decreases to one-eighth the number present
initially. What is the half-life (in days) of the material?

Data:

N(9) = =Ny, T1 =?
8 2
Solution:
t
N(t) = N, x Q)2
%
N(9) = N, x ()"2/2
1 1 2
sNo = Nox ()"
1 i : 3
Hei 2ENT
- (2) 1/2

log= = log(;)"™/2

T1/2 =3 dﬂyS

2. The 3ZP isotope of phosphorus has a half-life of 14.28 days. What is its decay constant in
units of s~1?

Data:
Ty, = 1428 days = 123379251 =?

Solution:
In2
Ty = nT
1233792 = “172

A=5.62x10""s1



3. Find the binding energy (in MeV) for lithium ;Li (atomic mass = 7.016 003 u).
Data:
mass of lithium = 7.016 003 u, Ez =?,No.of protons = 3,
No.of neutrons =7 —3 =4
Solution:
Mass of protons = 3 x 1.0073 = 3.0219 u,
Mass of neutrons = 4 x 1.0087 = 4.0348 u
The combined mass of protons and neutrons = 3.0219 + 4.0348 = 7.0567 u
Am = 7.0567 — 7.016 003 = 0.040697 u
Ez = Am x931.5
Ez = 0.040697 x 931.5
Ep = 37.9 MeV

4. The binding energy of a nucleus is 225.0 MeV. What is the mass defect of the nucleus in
atomic mass units?

Data:
Egp = 225.0 MeV,Am =7
Solution:
Ez = Am x931.5
225.0 = Am %x.931.5
Am = 6.2415 u



5. A copper penny has a mass of 3.0 g. Determine the energy (in MeV) that would be required
to break all the copper nuclei into their constituent protons and neutrons. Ignore the energy
that binds the electrons to the nucleus and the energy that binds one atom to another in the

structure of the metal. For simplicity, assume that all the copper nuclei are SSC u (atomic
mass = 62.939 598 u).

Data:

Mass of penny = 3.0 g,Eg =7,No.of protons = 29,

No.of neutrons = 63 — 29 = 34, mass of copper = 62.939 598 u.
Solution:

Calculate the Binding Energy per Nucleus:

Mass of protons = 29 x 1.0073 = 29.2117 u,

Mass of neutrons = 34 x 1.0087 = 34.2958 u

The combined mass of protons and neutrons = 292117 + 34.2958 = 63.5075 u

Am = 63.5075 — 62.939 598 = 0.567902 u

Ez = Am x 9315

Egz = 0.567902 x 931.5

Eg = 529.000713 MeV

Calculate the Total Energy Required

Mass of the penny = 300X 6.022 x 10?2 = 1.8066 x 10** u

Mass of the penny

No. of atoms = :
f_ ns Atomic mass of copper

1.8066x10%%

No. of atoms = e

No. of atoms = 2.8704 x 10?2
Total Binding Energy = 2.8704 x 10?2 x 529.000713
Total Binding Energy = 1.518 x 102> MeV



6. Write the 8% decay process for each of the following nuclei with their proper chemical
symbols including Z and A for each daughter nucleus: (a) lgF (b) 130.

Solution:
(a)

BF 5 B0 +et +v,
(b)

120 - BN +e* +v,

7. A device used in radiation therapy for cancer contains (.50 g of cobalt 23(: 0 (59.933 819
u). The half-life of $2Co is 5.27 years. Determine the activity of the radioactive material.

Data:
m=0.50g = 0.5 X 6.022 x 10*®> = 3.011 x 10?3 y,
mass of cobalt = 59.933 819 u,
Ty/2 = 5.27 years = 5.27 X 365.25 X 24 x 60 X 60 = 166308552 s

Solution:

A= AN

T1/2 166308552

_ 3.011x10%®
T 59933819

A = (4168 x 10-9)(5.024 x 10%1)

= 5.024 x 10*'atoms

A=2.094 x10" Bq



UNIT 28: PARTICLE PHYSICS
MCQ'S

KEY
1.b 2.6 3.¢ 4.a 5.b
6.b Tié 8.b 9.b . 10. ¢

Section (B): CRQs (Short Answered Questions):

1. Explain the difference between bosons and fermions and their roles in mediating
fundamental forces.

Ans) Difference between bosons and fermions:

Property Bosons Fermions
Spin Integer spin (0.4,'9, ...) Half-integer spin (1/2, 3/2, ...)
Role Mediate fundamental forces Constitute matter
Statistical Behavior Follow Bose-FEinstein statistics | Follow Fermi-Dirac statistics
Pauli Exclusion Do not obey (multiple bosons Obey (no two fermions can occupy
Principle | can.Oecupy the same quantum the same quantum state)
| state)

Roles in Mediating Fundamental Forces: Bosons are particles that mediate the
fundamental forces of nature. The primary bosons associated with the fundamental forces are:

i.  Photon (y):
e Force Mediated: Electromagnetic Force
e Role: The photon is the gauge boson responsible for electromagnetic interactions,
including those between charged particles like electrons and protons.
ii. W and Z Bosons (W', W, Z°):
e Force Mediated: Weak Nuclear Force



* Role: W and Z bosons mediste the weak nuclear force, which is responsible for
processes such as beta decay in radioactive materials.

il Gluons (g

¢ Force Mediated: Strong Nuclear Force
¢ Role: Gluons are the gauge bosons of the strong nuclear force, which holds gquarks
wgether within protons, neutrons, and other hadrons,

iv. Graviton:

¢ Force Mediated: Gravitational Force
s Role: The hypothetical particle associated with gravity is the graviton, although it
has not been observed yet. The Standard Model doesn't explain gravity,

2. Compare and contrast the properties of quarks and leptons, the twoe main categories of
fermions in the Standard Model.

Ans) Compare and Contrast Table:

O

Property Quarks .a' Leptons |
'_Fundumuntni Particles Yes §
Subtypes 6 flavors: Up, Down, t 6 Mavors: Eleciron, Muon,
Strange, Top, Bott \ Tau, and their respective
m% neutrinos (electron neutrino,
RGN DeUinng, L neutring)
Electric Charge Imeger charges: -1 (electron,
miniaean, baund, O (newtrinogs )
Interaction via Strong Force No (Leptons do not
experience the strong lorce)
Internction via Weak Force Yes

X, Define the term ©

properties and rale EQQ
Ans) Lepton:

Definition: Lepions are a group of elementary particles that do not expenence the strong nuclear
force. There are six types or flavors of leptons, which come in three pairs,

Examples: The pairs are made up of three charged particles named electron, muon, and tau, along
with their Pariners called neutrinos (charge less).

Properties & Roles:

o Electron: Negatively charged; commonly found in atoms,
o Muon and Tau: Heavier counter pans of the electron,
s Neutrinos: Electncally neutral: they interact very weakly with matter.



e Leptons interact via weak and electromagnetic forces but not through the strong
force.

e Leptons are stable particles and do not undergo decay under normal circumstances.

e Leptons exist alone and do not form groups.

4. Explain the concept of color charge in quarks and its significance in the strong nuclear
force. How does the combination of quarks contribute to the color-neutral nature of protons
and neutrons?

Ans) Color Charge:

I

11.

111.

Electric charge comes in only one type: positive (with its opposite negative). But strong
charge (that deals with strong nuclear force) comes in three types, red, green, and blue.
These color names are just labels and do not correspond to actual colors in the visual
spectrum. '

Quarks carry either one of the three color charges, and they can‘'change their colors during
particle interactions. Quarks of different colors are attracted to one another due to the strong
nuclear force, it means red attracts green, blue attracts red, and so on. On the other hand,
quarks of the same color repel one another.

Quarks always combine in ways that result in "color-neutral" or "white-color" particles.
For example, a proton consists of three quarks: one red, one green, and one blue, making
it color-neutral. Only white color combinations are permitted. This is why isolated quarks
do not exist in nature. This is known us quark confinement. Therefore, all free particles
(electrons, protons and neutrons) have a color charge of zero.

5. Describe the structure of a proton and neutron in terms of its quark composition. How do
quarks combine to form a proton and a neutron, and what are the specific types of quarks
involved?

Ans) Proton: It consists of two up and one down quarks (#itd). Up (i) quark has +2/3 charge
and down quark has -1/3charge. Therefore, net charge on proton has +1 charge:

o P2
Proton = uud —§+§—§— +1

Fig: Proton Quarks



Neutron: It consists of three quarks: one up and two down quarks (fidd). The net charge on
BEULTON I8 2ero:

Neutron = fdd =3-1-1=
3 a 3

O o0
00 O-mn

Fig: Newtron (uarks
Section (C): ERQs (Long Answered Questions):

L. Explain the strocture of the Standard Model, incloding th
thedr relutionships. How does the model classify fundamen

Ans) The Standard Model: Our universe if % two things: matter and energy

tracintion). To undersiand them better, scientists ha particles into two main groups:

matter particles and force particles. Scientists have ientified many elementary pamicles belonging
to these categories. These particles are categgn explained in detml in the Standard Model

ol Particle Physics, which is the best- knogmna o date. It is a framework that explains three
of the four fundamental forces l,eieclmm%;m. the weak nuclear force, and the strong nuclear
force) and all known elemeniary pan ¢ Standard Maodel clussifies all known elementary
particles into twa main classes.

Fermions: These are the niat cles, which make up everything in the universe.
Bosons: These are lhu{zﬂ ing particles, which mediate the interactions between fermions.
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Fig: The wniverse i made up of maiter and eonergy



2. Describe in detail all fundamental forces and their associated field particles. What is a
boson, and why are bosons referred to as field particles?

Ans) Boson: The Standard Model has kept all field particles in a class of ‘Boson’. The term "field
particles" refers to particles associated with force fields.

Reason to refer bosons as field particles: According to the Standard Model, bosons are
often considered field particles because they are linked to force fields. For example, the photon is
a field particle associated with the electromagnetic field.

Fundamental forces and their field particles: Scientists have grouped all fundamental
forces into four basic types. In order of increasing strength, these forces and their associated field
particles are described as:

1.

ii.

iil.

1v.

Gravitational Force: It is the force that attracts two masses towards each other. It is the
weakest of the four fundamental forces but acts over long distances.

Field Particle: The hypothetical particle associated with gravity is the graviton, although
it has not been observed yet. The Standard Model doesn't explain gravity.

Weak Nuclear Force: The weak force is responsible for radioactive decay, where unstable
atomic nuclei break down into smaller, more stable nuclei. It's responsible for processes
like beta decay and neutrino emission. This force is weaker than electromagnetic and strong
nuclear forces but stronger than gravitational force.

Field Particle: There are three field particles associates with weak nuclear force. These
are W*, W~ and Z bosons. These short-lived bosons carry the force over very small
distances, explaining the limited range of the weak force.

Electromagnetic Force: This force is responsible for the interactions between charged
particles, such as electrons and protons. It includes both electric and magnetic forces. The
electromagnetic force is stronger than both gravitational and weak nuclear forces. It is also
a long-range force, similar to the gravitational force.

Field Particle: The field particle of electromagnetic force is photon. It is mass less and
chargeless particle. When ever charged particles interact, they exchange photons, causing
the attractive or repulsive forces we observe.

Strong Nuclear Force: The strong force binds quarks together to form protons and
neutrons, and it holds atomic nuclei together. It is the strongest force among all forces and
acts at subatomic levels.

Field Particle: Gluons are the field particles that mediate the strong force between quarks.



3. Describe the operating principle of a Geiger-Muller counter. How does it detect and
quantify ionizing radiation, and what are its limitations in terms of measurement range and
types of radiation detected?

Ans) Geiger-Muller Counter:

Operating Principle: A Geiger-Muller (GM) counter operates by detecting ionizing radiation
through the ionization of gas within a sealed tube.

Construction:

e The GM (Geiger Muller) counter consists of a hollow metallic chamber as shown in the
figure that acts as a cathode.

e A thin wire anode is also placed along its axis.

e The chamber has a sealed window, through which the radiation enters the chamber.

e The chamber is filled with an inert gas at low pressure. :

e There is a counter connected to this system to measure the radiation.

Working: The chamber is filled with an inert gas (helium, neon, or argon) at low pressure. A high
voltage is applied to this chamber. The metallic chamber will conduct electricity. When radiation
enters the chamber through the window, the photons in the radiation will ionize the inert gas inside
the chamber. This will make the gas conductive. The electrons produced due to ionization are
accelerated due to the potential that we applied and these electrons cause even more ionization.
The ionized electrons travel towards the anode. The anode is connected to a counter. The counter
counts the electrons reaching the anode. This.is how we measure radiation.
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Limitations:

e Measurement Range: GM counters can become saturated at very high radiation levels,
making them unable to provide accurate readings in intense radiation fields. They also lack
the ability to measure radiation intensity linearly, as the number of counts may not
accurately reflect dose rate beyond certain limits.

e Radiation Types Detected: GM counters are primarily sensitive to beta and gamma
radiation but have limited efficiency for detecting alpha particles due to the low penetration
of alpha particles. Additionally, they cannot distinguish between different types of
radiation (alpha, beta, gamma), as all ionization events are recorded in the same way.

4. Discuss the uses of a Wilson cloud chamber in particle physics experiments. How does it
visualize charged particle tracks, and what factors can affect its performance?

Wilson cloud chambers:

Working Principle: The Wilson Cloud Chamber consists of a sealed container filled with a
supersaturated vapor, typically water or ethanol. When a particle, passes through the chamber, it
ionizes the vapor, creating a trail of droplets that condense around the ionized path. This creates a
visible cloud-like track that can be photographed and analvzed.

Construction: The schematic diagram of Wilson cloud chamber is shown in figure below, which
consists of a large cylindrical chamber A, with walls and a ceiling made of glass. It contains dust-
free air saturated with water vapor. P is a piston working inside the chamber. When the piston
moves down rapidly, adiabatic expansion of the air inside the chamber takes place. The piston is
connected to a large evacuated vessel I through a valve V. When the valve is opened, the air under
the piston rushes into the evacuated vessel F, thereby causing the piston to drop suddenly. The
wooden blocks WW reduce the air space inside the piston. Water at the bottom of the apparatus
ensures saturation in the chamber. The expansion ratio can be adjusted by altering the height of
the piston. i

As soon as the pas in the expansion chamber is subjected to sudden expansion, the ionizing
particles are shot into the chamber through a side window. A large number of extremely fine
droplets are formed on all the ions produced by the ionizing particles. These droplets form a track
of the moving ionizing particles. At this stage, the expansion chamber is profusely illuminated by
a powerful beam of light L and two cameras CC are used to photograph the tracks as shown in
figure below. The process of expansion, shooting of the ionizing particles into the expansion
chamber, illuminating the chamber and clicking the camera must all be carried out in rapid
succession in order to get satisfactory results. The type of ionizing particle can be identified by its
track in the cloud chamber. Alpha particles, being relatively massive, travel in straight, thick, and
clearly defined paths. Beta particles, being lighter, are easily deflected and create thin, curved
paths. The cloud chamber has been instrumental in discovering many elementary particles, such
as the positron and meson.



Use:
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Fig: Schematic diagram of Wilson Cloud Chamber

Particle Identification: Wilson cloud chambers were historically instrumental in the
identification and study of subatomic particles. By observing the curvature of particle
tracks in a magnetic field and the nature of the tracks themselves, scientists could identify
and classify various particles.

Nuclear Physics Research: Cloud chambers have been used to study the behavior of
particles in nuclear reactions and to investigate the structure of atomic nuclei.

Cosmic Ray Studies: Wilson cloud chambers are also used in cosmic ray research. These
instruments can detect and track the passage of cosmic rays, which are high- energy
particles originating from space.

Education and Outreach: Cloud chambers are often used as educational tools in physics
classrooms and science museums to help students and the general public visualize the
behavior of subatomic particles.



Factors affecting performance:

i

ii.

1il.

1v.

V.

Vii.

Temperature and Pressure: The chamber relies on the rapid expansion of saturated
vapor, so maintaining the correct temperature and pressure is crucial. If the temperature is
too high or the pressure is unstable, the super-saturated environment required for vapor
condensation on ionizing particles may not be achieved.

Humidity/Vapor Saturation: A high level of humidity is essential for the operation of the
chamber. Insufficient vapor saturation results in fewer or no visible condensation trails,
while excessive humidity can lead to cloud formation that obscures particle paths.
Ionization Source: The presence of an adequate source of ionizing radiation is required
for particle tracks to form. Without sufficient ionization, fewer particles will be detected,
reducing the chamber’s sensitivity.

Expansion Timing: The timing and speed of the chamber's expansion is critical. The
expansion must occur quickly enough to create the super-saturated vapor condition but
should not be so rapid that it disrupts the particle tracks. _

Magnetic Fields: Applying a magnetic field can help visualize'particle trajectories, but if
it's too weak or strong, it can distort the tracks or preventiclear detection of the particle's
properties.

External Vibrations or Disturbances: Mechanical stability is important, as vibrations or
movements can disturb the cloud, causing artifacts or misinterpretation of particle tracks.
Contaminants: Impurities or dust particles within the chamber can serve as unintended
nucleation points for condensation, leading to unclear or false tracks.



